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PREFACE

This book is intended as a text for undergraduate students majoring in
mathematics and physics. It presents the material ordinarily covered in a
course on linear algebra and subsequently drawn upon in various branches of
mathematical analysis. However, it should be noted that the term “linear
algebra” has for some time ceased to describe the actual content of the course,
representing as it does a synthesis of various ideas from algebra, geometry
and analysis. And although analysis in the strict sense of the term (i.e., the
branch of mathematics concerned with limits, difierentiation, integration,
etc.) plays only a background role in this Look, it is in fact the actual organiz-
ing principle of the course, since the problems of “linear algebra” can be
regarded both as “finite-dimensional projections” and as the “support” for
the basic problems of analysis.

The text stems in part from my previous book An Introduction to the
Theory of Linear Spaces (Prentice-Hall, 1961), henceforth denoted by LS.
Briefly, the difierences between LS and the present book are the following:
LS is entirely concerned with real spaces, while this book considers spaces
over an arbitrary number field, with the real and complex spaces being con-
sidered as closely related special cases of the general theory. A chapter has
been introduced on the Jordan canonical form of the matrix of a linear
operator in a real or complex space. Moreover, we also study the canonical
form of the matrix of a normal operator in a complex space equipped with a
scalar product, deducing as special cases the canonical forms of the matrices
of Hermitian, anti-Hermitian and unitary operators and their real analogues.
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The final lengthy chapter in LS on the geometry of infinite-dimensional
Hilbert space has been omitted, since a more systematic treatment of this
topic (in a functional analysis context) is available in a number of other
books. Instead, further new material bearing directly on the basic content
of the course has been added, namely Chapter 11 on the structure of matrix
algebras (written at my request by A. Y. Khelemski) and an appendix on the
structure of matrix categories, based on my article with I. M. Gelfand
(Vestnik MGU, Ser. Mat. Mekh., No. 4 (1963), pp. 27-48). Chapter 11 and
the appendix, although completely elementary in method, are nevertheless
somewhat higher in level than the rest of the book (as indicated by the
asterisks) and represent advanced developments in the theory of linear
algebra.

Each chapter is equipped with a set of problems, and hints and answers to
these problems appear at the end of the book. To a certain extent, the prob-
lems help to develop necessary technical skill, but they are primarily intended
to illustrate and amplify the material in the text. Certain groups of problems
can serve as the basis for seminar discussions. The same is true of Chapter 11
and the appendix, as well as of the starred sections (the latter contain ancillary
material that can be omitted on first reading).

It is my pleasant duty to acknowledge the painstaking efiorts of M. S.
Agranovich, the editor of the book, and to thank him for a number of valu-
able suggestions. I also wish to thank I. Y. Dorfman for checking the
solutions to all the problems.

G. E. S.
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chapter I

DETERMINANTS

|.l. Number Fields

1.11. Like most of mathematics, linear algebra makes use of number
systems (number fields). By a number field we mean any set K of objects,
called “numbers,” which, when subjected to the four arithmetic operations
again give elements of K. More exactly, these operations have the following
properties (field axioms):

a. To every pair of numbers on and B in K there corresponds a (unique)
number on + B in K, called the sum of on and B, where

l) on + B = B + on for every on and B in K (addition is commutative);
2) (on + B) + Y = on + (B + Y) for every on, B, Y in K (addition is

associative);
3) There exists a number 0 (zero) in K such that 0 + on = on for every on

in K;
4) For every on in K there exists a number (negative element) Y in K such

that on + Y = 0.

The solvability of the equation on + Y = 0 for every on allows us to carry
out the operation of subtraction, by defining the diflerence B — on as the sum
of the number B and the solution Y of the equation on + Y = 0.

b. To every pair of numbers on and B in K there corresponds a (unique)
number on - B (or ocfi) in K, called the product of on and B, where

5) <10 = Bot for every on and B in K (multiplication is commutative);
6) (ocB)Y = ¢z(BY) for every on, B, Y in K (multiplication is associative);
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7) There exists a number l (¢ 0) in K such that l - on = on for every on
in K;

8) For every on ¢ 0 in K there exists a number (reciprocal element) Y in
K such that or.Y = l.

c. Multiplication is distributive over addition, i.e.,

9) oc(I3 + Y) = <10 + ocY for every on, B, Y in K.T

The solvability of the equation ocY : I for every on vé 0 allows us to carry
out the operation of division, by defining the quotient B/on as the product of
the number B and the solution Y of the equation or.Y == l.

The numbers 1, 1 + 1 = 2, 2 + 1 = 3, etc. are said to be natural; it is
assumed that none of these numbers is zero.I By the integers in a field K we
mean the set of all natural numbers together with their negatives and the
number zero. By the rational numbers in a field K we mean the set of all
quotients p/q, where p and q are integers and q ¢ 0.

Two fields K and K’ are said to be isomorphic if we can set up a one-to-one
correspondence between K and K' such that the number associated with every
sum (or product) of numbers in K is the sum (or product) of the corresponding
numbers in K’. The number associated with every difierence (or quotient)
of numbers in K will then be the difierence (or quotient) of the corresponding
numbers in K’.

1.12. The most commonly encountered concrete examples of number
fields are the following:

a. The field of rational numbers, i.e., of quotients p/q where p and q ¢ 0
are the ordinary integers subject to the ordinary operations of arithmetic.
(It should be noted that the integers by themselves do not form a field,
since they do not satisfy axiom 8).) It follows from the foregoing that every
field K has a subset (subfield) isomorphic to the field of rational numbers.

b. The field of real numbers, having the set of all points of the real line
as its geometric counterpart. An axiomatic treatment of the field of real
numbers is achieved by supplementing axioms l)—9) with the axioms of order
and the least upper bound axiom.§

1' Note that axioms 5) and 9) also imply (oz + [DY 1 my + by.
i Given two elements N and E, say, we can construct a field by the rules N + N = N,

N—I—E=E,E+E=N,N-N=N,N-E=N,E-E=E. Then, inkeepingwithour
notation, we should write N = 0, E -= 1 and hence 2 = l + 1 = 0. To exclude such
number systems, we require that all natural field elements be nonzero.

§For a detailed treatment of real numbers, see, for example, G. H. Hardy, Pure
Mathematics, ninth edition, The Macmillan Co., New York (1945), Chap. l.
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c. The field of complex numbers of the form a + ib, where a and b are
real numbers (i is not a real number), equipped with the following operations
of addition and multiplication (Hardy, op. cit., Chap. 3):

(a1 + 1.171) + (a2 ‘I‘ 1172) = (a1 ‘I‘ a2) ‘I‘ i(b1 ‘I‘ I72),

(a1 ‘I‘ ib1)(a2 ‘I‘ ibz) : (a1a2 - b1b2) + i(a1b2 ‘I‘ (12171)-

For numbers of the form a + i0, these operations reduce to the corresponding
operations for real numbers; briefly we write a + i0 = a and call complex
numbers of this form real. Thus it can be said that the field of complex
numbers has a subset (subfield) isomorphic to the field of real numbers.
Complex numbers of the form 0 + ib are said to be (purely) imaginary and
are designated briefly by ib. It follows from the multiplication rule that

i2=i-i=(0—I—il)(0-I-il)=—-l.

1.13. Henceforth we will designate the field of real numbers by R and
the field of complex numbers by C. According to the “fundamental theorem
of algebra” (Hardy, op. cit., Appendix II, p. 492), we can not only carry
out the four arithmetic operations in C but also solve any algebraic equation

z"—I—a1z"—1—I—---—I—a,,=-0.

The field R of real numbers does not have this property. For example, the
equation 22 + l = 0 has no solutions in the field R.

Many of the subsequent considerations are valid for any number field.
In what follows, we will use the letter K to denote an arbitrary number field.
If some property is true for the field K, then it is automatically true for the
field R and the field C, which are special cases of the general field K.

l.2. Problems of the Theory of Systems of Linear Equations

In this and the next two chapters, we shall study systems of linear
equations. In the most general case, such a system has the form

a11x1 'I‘ a12x2 ‘I‘ ' ' ' ‘I‘ alnxn : bu

a21x1 ‘I‘ azzxz + ' ' ' ‘I‘ a2rzxn = 172, (l)

aux, + akzxz + - - - + a,,,,x,, = bk.

Here x1, x2, . . . ,x,, denote the unknowns (elements of the field K) which
are to be determined. (Note that we do not necessarily assume that the
number of unknowns equals the number of equations.) The quantities
an, am, . . . , a,m, taken from the field K, are called the coeflicients of the
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system. The first index of a coefficient indicates the number of the equation
in which the coefficient appears, while the second index indicates the number
of the unknown with which the coefficient is associatedfr The quantities
bl, b2, . . . , bk appearing in the right-hand side of (l), taken from the same
field K, are called the constant terms of the system; like the coefficients, they
are assumed to be known. By a solution of the system (l) we mean any set
of numbers cl, C2, . . . , cn from the same field K which, when substituted for
the unknowns x1, x2, . . . ,x,, turns all the equations of the system into
identities.1

Not every system of linear equations of the form (l) has a solution. For
example, the system

2x1 + 3x2 = 5, (2)
2x1 + 3x2 = 6

obviously has no solution at all. Indeed, whatever numbers cl, c2 we
substitute in place of the unknowns x1, x2, the left-hand sides of the equations
of the system (2) are the same, while the right-hand sides are diflerent. There-
fore no such substitution can simultaneously convert both equations of the
system into identities.

A system of equations of the form (l) which has at least one solution is
called compatible; a system which does not have solutions is called incom-
patible. A compatible system can have one solution or several solutions. In
the latter case, we distinguish the solutions by indicating the number of the
solution by a superscript in parentheses; for example, the first solution will
be denoted by cg”, cg“, . . . , 65,1’, the second solution by cg”, cf’, . . . , cffl,
and so on. The solutions cg”, cg“, . . . , c‘n1’ and cf’, cg”, . . . , cf’ are
regarded as distinct if at least one of the numbers cg" does not coincide with
the corresponding numbers cf?’ (i = l, 2, . . . , n). For example, the system

2x1 + 3x2 = 0, (3)
4x1 + 6x2 = 0

has the distinct solutions

(1l__ l1l__ l2)__ (2)_cl —c2 -0 and cl -3,c2 -—2

(and also infinitely many other solutions). If a compatible system has a
unique solution, the system is called determinate; if a compatible system has
at least two diflerent solutions, it is called indeterminate.

1' Thus, for example, the symbol an should be read as “a three four” and not as “a
thirty-four.”

I We emphasize that the set of numbers cl, c,, . . . , c,, represents one solution of the
system and not n solutions.
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We can now formulate the basic problems which arise in studying the
system (1):

a) To ascertain whether the system (1) is compatible or incompatible;
b) If the system (l) is compatible, to ascertain whether it is determinate;
c) If the system (l) is compatible and determinate, to find its unique

solution;
d) If the system (l) is compatible and indeterminate, to describe the set of

all its solutions.

The basic mathematical tool for studying linear systems is the theory of
determinants, which we consider next.

l.3. Determinants of Order n

1.31-. Suppose we are given a square matrix, i.e., an array of n2 numbers
a,-,- (i,j = l, 2,... ,n), all elements of a field K:

an "12 ' ' ' am

a21 azz ' ' ' a2n
. . . ' (4)

anl an2 ' ' . ann

The number of rows and columns of the matrix (4) is called its order. The
numbers a,-,- are called the elements of the matrix. The first index indicates
the row and the second index the column in which a,,- appears. The elements
an, an, . . . , am, form the principal diagonal of the matrix.

Consider any product of n elements which appear in diflerent rows and
diflerent columns of the matrix (4), i.e., a product containingjust one element
from each row and each column. Such a product can be written in the form

azllaafl ' ' . aa,,n'

Actually, for the first factor we can always choose the element appearing in
the first column of the matrix (4); then, if we denote by <11 the number of the
row in which the element appears, the indices of the element will be oq, l.
Similarly, for the second factor we can choose the element appearing in the
second column; then its indices will be <12, 2, where <12 is the number of
the row in which the element appears, and so on. Thus, the indices <11, <12,
. . . , an are the numbers of the rows in which the factors of the product (5)
appear, when we agree to write the column indices in increasing order.
Since, by hypothesis, the elements aim, anz, . . . , aw, appear in diflerent
rows of the matrix (4), one from each row, then the numbers <11, <12, . . . , an
are all diflerent and represent some permutation of the numbers 1, 2, . . . , n.

By an inversion in the sequence <11, <12, . . . , on", we mean an arrangement
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of two indices such that the larger index comes before the smaller index. The
total number of inversions will be denoted by N(oc1, <12, . . . , on”). For
example, in the permutation 2, l, 4, 3, there are two inversions (2 before l,
4 before 3), so that

N(2, 1,4, 3) = 2.
In the permutation 4, 3, 1, 2, there are five inversions (4 before 3, 4 before 1,
4 before 2, 3 before l, 3 before 2), so that

1v(4,3,1,2)= 5.
If the number of inversions in the sequence <11, <12, . . . , an is even, we put a
plus sign before the product (5); if the number is odd, we put a minus sign
before the product. In other words, we agree to write in front of each product
of the form (5) the sign determined by the expression

(_1)NI¢1.flz.....fl").

The total number of products of the form (5) which can be formed from the
elements of a given matrix of order n is equal to the total number of permuta-
tions of the numbers 1,2, . . . , n. As is well known, this number is equal
to n l.

We now introduce the following definition:

By the determinant D of the matrix (4) is meant the algebraic sum of the n!
products of the form (5), each preceded by the sign determined by the rule
just given, i.e.,

D : 2 (_1)N(a1.rz1.....anlaa11an2 . . . amflw

Henceforth, the products of the form (5) will be called the terms of the
determinant D. The elements a,,- of the matrix (4) will be called the elements
of D, and the order of (4) will be called the order of D. We denote the deter-
minant D corresponding to the matrix (4) by one of the following symbols:

an an ' ' ' an

a a - - - aD I *1 2* 2" = dc: ||¢1.-.|I- (1)
anl an2 ann

For example, we obtain the following expressions for the determinants of
orders two and three:

an an
2 anazz * a21a12~

(121 azz

an an an
a a a I a11a22a33 -I‘ a21a32a13 'I' aa1a12a2a

21 22 23 * a31a22a13 '_ a21a12a33 * a11aa2a2a-
an aaz ass
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We now indicate the role of determinants in solving systems of linear
equations, by considering. the example of a system of two equations in two
unknowns:

a11x1 ‘I‘ a12-x2 : b1»

a21x1 ‘I‘ azzxz = I72-

Eliminating one of the unknowns in the usual way, we can easily obtain the
formulas

b1a22 '" b2a12 (111172 * a21b1x1 =D, x2 I —i-—————,
anazz "' a21a12 anazz "' a21a12

assuming that these ratios have nonvanishing denominators. The numerators
and denominators of the ratios can be represented by the second-order
determinants

an an
auazz * a21a12 I

a21 ('22

bl a12
b1a22 * b2a12 : 1

I72 azz

an bl
aubz * a21b1 :

a21 I72

It turns out that similar formulas hold for the solutions of systems with an
arbitrary number of unknowns (see Sec. 1.7).

1.32. The rule for determining the sign of a given term of.a determinant
can be formulated somewhat diflerently, in geometric terms. Corresponding
to the enumeration of elements in the matrix (4), we can distinguish two
natural positive directions: from left to right along the rows, and from top to
bottom along the columns. Moreover, the slanting lines joining any two
elements of the matrix can be furnished with a direction: we shall say that
the line segment joining the element a,-,- with the element ak, has positive
slope if its right endpoint lies lower than its left endpoint, and that it has
negative slope if its right endpoint lies higher than its left endpoint.T Now
imagine that in the matrix (4) we draw all the segments with negative slope
joining pairs of elements am, am, . . . , aw, of the product (5). Then we put
a plus sign before the product (5) if the number of all such segments is even,
and a minus sign if the number is odd.

T This definition of “slope” is not to be confused with the geometric notion with the
same name. In fact, the sign convention adopted here is the opposite of that used in
geometry.
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For example, in the case of a fourth-order matrix, a plus sign must be
put before the product a21a12a4,,a,,4, since there are two segments of negative
slope joining the elements of this product:

an an an

a22 a2:: an

an aa2 ass at

an a42 Q an

However, a minus sign must be put before the product a41a,,2a1,,a24, since in
the matrix there are five segments of negative slope joining these elements:

an an an

an an an

a3 an a3, i

2an an

In these examples, the number of segments of negative slope joining the
elements of a given term equals the number of inversions in the order of
the first indices of the elements appearing in the term. In the first example, the
sequence 2, 1, 4, 3 of first indices has two inversions; in the second example,
the sequence 4, 3, 1, 2 of first indices has five inversions.

We now show that the second definition ofthe sign ofa term in a determinant
is equivalent to thefirst. To show this, it suffices to prove that the number of
inversions in the sequence of first indices of a given term (with the second
indices in natural order) is always equal to the number of segments of negative
slope joining the elements of the given term in the matrix. But this is almost
obvious, since the presence of a segment of negative slope joining the elements
aw» and am means that on, > on, fori < j, i.e., there is an inversion in the order
of the first indices.

l.4. Properties of Determinants

1.41. The transposition operation. The determinant

an a21 " ' am

a12 a22 ‘ ' ‘ an2 (8)

alfl a2n . . . an?!
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obtained from the determinant (7) by interchanging rows and columns with
the same indices is said to be the transpose of the determinant (7). We now
show that the transpose of a determinant has the same value as the original
determinant. In fact, the determinants (7) and (8) obviously consist of the
same terms; therefore it is enough for us to show that identical terms in
the determinants (7) and (8) have identical signs. Transposition of the matrix
of a determinant is clearly the result of rotating it (in space) through 180°
about the principal diagonal an, a,,, . . . , a,m. As a result of this rotation,
every segment with negative slope (e.g., making an angle on < 90° with the
rows of the matrix) again becomes a segment with negative slope (i.e., making
the angle 90° —— at with the rows of the matrix). Therefore the number of
segments with negative slope joining the elements of a given term does not
change after transposition. Consequently the sign of the term does not change
either. Thus the signs of all the terms are preserved, which means that the
value of the determinant remains unchanged.

The property just proved establishes the equivalence of the rows and
columns of a determinant. Therefore further properties of determinants
will be stated and proved only for columns.

1.42. The antisymmetry property. By the property of being antisymmetric
with respect to columns, we mean the fact that a determinant changes sign
when two of its columns are interchanged. We consider first the case where
two adjacent columns are interchanged, for example columns j and j + l.
The determinant which is obtained after these columns are interchanged
obviously still consists of the same terms as the original determinant.
Consider any of the terms of the original determinant. Such a term contains
an element of the jth column and an element of the (j + 1)th column. If
the segment joining these two elements originally had negative slope, then
after the interchange of columns, its slope becomes positive, and conversely.
As for the other segments joining pairs of elements of the term in question,
each of these segments does not change the character of its slope after the
column interchange. Consequently the number of segments with negative
slope joining the elements of the given term changes by one when the two
columns are interchanged; therefore each term of the determinant, and hence
the determinant itself, changes sign when the columns are interchanged.

Suppose now that two nonadjacent columns are interchanged, e.g.,
column j and column k (j < k), where there are m other columns between.
This interchange can be accomplished by successive interchanges of adjacent
columns as follows: First column j is interchanged with column j + l, then
with columns j + 2, j + 3,. . . , k. Then the column k — 1 so obtained
(which was formerly column k) is interchanged with columns k — 2, k — 3,
. . . ,j. In all, m + 1 + m = 2m + 1 interchanges of adjacent columns are
required, each of which, according to what has just been proved, changes the
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sign of the determinant. Therefore, at the end of the process, the deter-
minant will have a sign opposite to its original sign (since for any integer m,
the number 2m + l is odd).

1.43. COROLLARY. A determinant with two identical columns vanishes.
Proof. Interchanging the columns does not change the determinant D.

On the other hand, as just proved, the determinant must change its sign.
Thus D == ——D, which implies that D = 0. IT

1.44. The linear property of determinants. This property can be formulated
as follows:

a. THEOREM. If all the elements of the jth column of a determinant D
are “linear combinations” of two columns of numbers, i.e.,

a,-,-=7\b,»—I--p.c,- (i=l,2,...,n)

where 71 and it are fixed numbers, then D is equal to a linear combination of
two determinants:

1) = xi), + pLD2. (9)
Here both determinants D, and D2 have the same columns as the determinant
D except for the jth column; the jth column of D1 consists of the numbers bi,
while the jth column of D2 consists of the numbers c,».

Proof. Every term of the determinant D can be represented in the form

aa11aa,2 ' ' ' ac,-l I . I aafln = aa11aa22 I I I (Abel + F1701!) I I I aafln

= )‘aa11aa22 I I I bu; I I ‘ aafln + i‘I'aa11aa22 I . ‘ ca; . I I aa,,n'

Adding up all the first terms (with the signs which the corresponding terms
have in the original determinant), we clearly obtain the determinant D1,
multiplied by the number 7.. Similarly, adding up all the second terms, we
obtain the determinant D2, multiplied by the number u. I

It is convenient to write this formula in a somewhat difi‘erent form. Let
D be an arbitrary fixed determinant. Denote by D,(p,-) the determinant
which is obtained by replacing the elements of the jth column of D by the
numbers p,» (i = l, 2, . . . , n). Then (9) takes the form

D,-WY.‘ -I" Wt) = 7\D.(b.-) + i*D.-(¢‘¢)-
b. The linear property of determinants can easily be extended to the case

where every element of the jth column is a linear combination not of two
terms but of any other number of terms, i.e.

au=7\bi+I*ci+"'+Tfi~

1' The symbol | means Q.E.D. and indicates the end of a proof.
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In this case,

Di(aii) = Di(7\b¢ + We + ' ' ' ‘I‘ Tfi)

= 7\D:(bi) ‘I‘ I‘I'Di(ci) ‘I‘ ' ' ' + TDi'(fi)- (10)

1.45. COROLLARY. Any common factor of a column of a determinant can
be factored out of the determinant. V

Proof. If a,-,- I Abi, then by (10) we have

Dt(au') = D.-(lb.-) = )\Di(b¢)- I

1.46. COROLLARY. If a column of a determinant consists entirely of zeros,
then the determinant vanishes.

Proof. Since 0 is a common factor of the elements of one of the columns,
we can factor it out of the determinant, obtaining

D,(0) = D,-(0- 1) = 0- D,-(1) = 0. |

1.47. Addition of an arbitrary multiple of one column to another column.

a. THEOREM. The value of a determinant is not changed by adding the
elements of one column multiplied by an arbitrary number to the corresponding
elements of another column.

Proof Suppose we add the kth column multiplied by the number A to the
jth column (k qéj). The jth column of the resulting determinant consists
of elements of the form ai, + ha,-k (i = 1, 2, . . . , n). By (9) we have

Di(aii ‘I‘ hark) = Di(aiJ') ‘I‘ 7\D,'(aik)-

The jth column of the second determinant consists of the elements aik, and
hence is identical with the kth column. It follows from Corollary 1.43T that
D,-(a,-k) = 0, so that

Di(aia' 'I' bark) = Di(aii')- I

b. Naturally, Theorem 1.47a can be formulated in the following more
general form: The value of a determinant is not changed by adding to the
elements of its jth column first the corresponding elements of the kth column
multiplied by A, next the elements of the lth column multiplied by u, etc., and
finally the elements of thepth column multipliedby -r (k ¢j, l ¢j, . . . ,p ¢j).

1.48. Because of the invariance of determinants under transposition
(Sec. 1.41), all the properties of determinants proved in this section for
columns remain valid for rows as well.

‘I’ Corollary 1.43 refers to the (unique) corollary in Sec. 1.43, Theorem l.47a to the
theorem in Sec. l.47a, etc.
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l.5. Cofactors and Minors

1.51. Consider any column, the jth say, of the determinant D. Let a,-,
be any element of this column. Add up all the terms containing the element
an appearing in the right-hand side of equation (6)

D = DNIM1.a:2'...,a:,.laa11aa22...a%",

and then factor out the element a,,. The quantity which remains, denoted by
A”, is called the cofactor of the element an of the determinant D.

Since every term of the determinant D contains an element from the jth
column, (6) can be written in the form

D = an-411 ‘I‘ a2;-421 -I" " " " -I" amAm, (11)

called the expansion of the determinant D with respect to the (elements of the)
jth column. Naturally, we can write a similar formula for any row of the
determinant D. For example, for the ith row we have the formula

D = ai1Ai1 -I" ai2Ai2 -I" ' ' ‘ -I" amAm- (I2)

This gives the following

THEOREM. The sum of all the products of the elements of any column (or
row) of the determinant D with the corresponding cofactors is equal to the
determinant D itself.

Equations (1 1) and (12) can be used to calculate determinants, but first
we must know how to calculate cofactors. We will show how this is done in
Sec. 1.53.

1.52. Next we note a consequence of (1 1) and (12) which will be useful
later. Equation (11) is an identity in the quantities a1,-, a2,», . . . , am. There-
fore it remains valid ifwe replaceai, (i = 1, 2, . . . , n) by any other quantities.
The quantities A1,-, A2,-, . . . , AM remain unchanged when such a replacement
is made, since they do not depend on the elements a,-,. Suppose that in the
right and left-hand sides of the equality (1 1) we replace the elements au, a2,-,
. . . , an, by the corresponding elements of any other column, say the kth.
Then the determinant in the left-hand side of (ll) will have two identical
columns and will therefore vanish, according to Corollary 1.43. Thus we
obtain the relation

a1kA1i+ "216/121'-I" ‘ ‘ ‘ -I- ank/4721: 0 (13)

for k ¢j. Similarly, from (12) we obtain

al1Ai1 + ai2A¢2 + " ' " + am-4m : 0 (14)
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for l ¢ i. Thus we have proved the following

THEOREM. The sum of all the products of the elements ofa column (or row)
of the determinant D with the cofactors _of the corresponding elements of
another column (or row) is equal to zero.

1.53. If we delete a row and a column from a matrix of order n, then, of
course, the remaining elements form a matrix of order n -— 1. The deter-
minant of this matrix is called a minor of the original nth-order matrix (and
also a minor of its determinant D). If we delete the ith row and thejth column
of D, then the minor so obtained is denoted by Mi, or M,»,(D).

We now show that the relation

Au = (_1)i+jMii (15)

holds, so that the calculation of cofactors reduces to the calculation of the
corresponding minors. First we prove (15) for the case i = 1, j = 1. We
add up all the terms in the right-hand side of (6) which contain the element
an, and consider one of these terms. It is clear that the product of all the
elements of this term except an gives a term c of the minor Mu. Since in
the matrix of the determinant D, there are no segments of negative slope
joining the element an with the other elements of the term selected, the sign
ascribed to the term auc of the determinant D is the same as the sign
ascribed to the term c in the minor Mu. Moreover, by suitably choosing a
term of the determinant D containing an and then deleting an, we can
obtain any term of the minor Mu. Thus the algebraic sum of all the terms
of the determinant D containing an, with an deleted, equals the product
Mu. But according to Sec. 1.51, this sum is equal to the product Au. There-
fore, Au = Mu as required.

Now we prove (15) for arbitrary i and j, making essential use of the fact
that the formula is valid for i =j= 1. Consider the element a,~,- = a,
appearing in the ith row and the jth column of the determinant D. By
successively interchanging adjacent rows and columns, we can move the
element a over to the upper left-hand corner of the matrix; to do this, we
need

i—1+j——1=i+j——2

interchanges. As a result, we obtain the determinant D, with the same
terms as those of the original determinant D multiplied by

(__1)i+i~2 : (__1)i+.'i‘

The minor Mu(D1) of the determinant D, is clearly identical with the
minor M,-,-(D) of the determinant D. By what has been proved already,
the sum of the terms of the determinant D, which contain the element a,
with a deleted, is equal to Mu(D,). Therefore the sum of the terms of the
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original determinant D which contain the element a,-,- = a, with a deleted, is
equal to

<—1)1+iM..<1>.> = <-1)i+iM..<1>>.
According to Sec. 1.51, this sum is equal to AH. Consequently

A. = <—1)*~'M.-,.
which completes the proof of (15).

1.54. Formulas (ll) and (12) can now be written in the following
commonly used variants:

D = (_1)1+ja1iM1i ‘I‘ (_l)2+ja2iM2i ‘I‘ ' ' ‘ + (“1)”+jan;Mn1, (11!)
D = (_T1)i+1ai1Mi1 ‘I‘ (__1)i+2ai2Mi2 + ‘ " ' —I— (-—1)i+nainMin_ (121)

1.55. Examples

a. A third-order determinant has six distinct expansions, three with
respect to rows and three with respect to columns. For example, the expansion
with respect to the first row is

an a12 a13
a22 a2a a21 aza (121 (122

(121 a22 a2a =a11 “" a12 draw
(132 a33 a31 a33 a31 aa2

a31 aa2 a33

b. An nth-order determinant of the form

an 0 0 ~ ~ ~ 0

an an 0 - ' - 0

D” == an an an ~ - - 0

anl an2 a7l3 ' ' ' ann

is called triangular. Expanding D” with respect to the first row, we find
that D,, equals the product of the element an with the triangular determinant

an 0 . . . 0

aaz ass 0
Dn—1 T:

an2 ant! l.‘ ann

of order n —— 1. Again expanding D,,_, with respect to the first row, we find
that

D»-1 = a22Dn—2s



sec. 1.5 COFACTORS AND MINORS 15

where D,,_2 is a triangular determinant of order n —— 2. Continuing in this
way, we finally obtain

D = a11a22 ' ' ' arm!

i.e., a triangular determinant equals the product of the elements appearing
along its principal diagonal.

c. Calculate the Vandermonde determinant

1 1 ~ 1
X1 X2 . . . X”

_ - 2W(x1,..., x,,) : xi x; : xn .

xp—1 x;t—1 xZ—1

Solution. W(x1, . .. ,x,,) is a polynomial of degree n — 1 in x,,, with
coeflicients depending on x1, . . . , x,,_,. This polynomial vanishes if xn takes
any ofthe values x,, x2, . . . , x,,_,, since then the determinant has two identical
columns. Hence, by a familiar theorem of elementary algebra, the poly-
nomial W(x1, . . . , x,,) is divisible by the product (x,, — x1) - - - (x,, — x,,_,),
so that

n—1

I4/(Xv - - - > X791 a(X1, - - - 5 X"-1)H(Xn “ Xx)-
k=1

The quantity a(x,, . . . , x,,_,) is the leading coeflicient of the polynomial
W(x1, . . . , x,,). Expanding the Vandermonde determinant with respect to
the last column, we see that this coeflicient is just W(x1,... ,x,,_1). It
follows that

n—1
W(x,, . . . , x,,) — W(x,, . . . , xn_1)H(xn ~ xk).

Similarly, ‘T
n—2

W(x,, . . . , x,,_1)= W(x,, . . . , x,,_2) H (x,,_, — x,-),
i=1

W(-‘C1, X2) : W(X1)(X2 _ X1),
and obviously

W(x,) = 1.

Multiplying all these equalities together, we get the desired result

W(X1, - - - , X.) = TI (X... — X.)-
1<i<rrI<§n

In particular, the quantities x1, . . . , x,, are all distinct, then

W(x,, . . . , x,,) vi 0.
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l.6. Practical Evaluation of Determinants
1.61. Formula (12) takes a particularly simple form when all the elements

of the ith row vanish except one element, say a,»,,. In this case

D = aikAik’ (I6)
and the calculation of the determinant D of order n reduces at once to the
calculation of a determinant of order n — 1. If in addition to a,-k, there is
another nonzero element a,,- in the ith row, then multiplying the kth column
by 7. = an./a,»,, and subtracting it from the ith column, we obtain a deter-
minant which is equal to the original one (cf. Sec. 1.47) but which now has a
zero in the ith row and jth column. By a sequence of similar operations,
we change any determinant with a nonzero element a,»,, in the ith row into
a determinant in which all the elements of the ith row equal zero except a,-,,.
This new determinant can then be evaluated by (16). Of course, similar
operations can also be performed on the columns of a determinant.

1.62. Example. Calculate the following determinant of order five:

—2 5 0 —1 3

1 0 3 7 —2

D = 3 -1 0 5 —5 .

2 6 —4 1 2

0 —3 —1 2 3

Solution. There are already two zeros in the third column of this
determinant. In order to obtain two more zeros in this column, we multiply
the fifth row by 3 and add it to the second row and then multiply the fifth
row by 4 and subtract it from the fourth row. After performing these
operations and expanding the determinant with respect to the third column,
we obtain

-2 5 0 -1 3
1 -9 0 13 7

1>= 3 -1 0 5 -5 =(-1)=*+5(-1) 1 _9 13 33 -1 5 -52 18 0 -7 -10
0 -3 -1 2 3
-2 5 -1 3

1 -9 13 7
:_ 3 -1 5 -5'

2 18 -7 -10

~2 5 —1 3

2 18 —7 —10
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The simplest thing to do now is to produce three zeros in the first column;
to do this, we add twice the second row to the first row, subtract three times
the second row from the third row and subtract twice the second row from
the fourth row:

-2 5 -1 3 0 -13 25 17
D 1 -9 13 7 1 -9 13 7

— 3 -1 5 -5 — 0 26 -34 _26
2 18 —7 -10 0 36 —33 —24

-13 25 17
=—(-1)1+‘-* 26 -34 ~26

36 -33 -24

To simplify the calculation of the third-order determinant just obtained,
we try to decrease the absolute values of its elements. To do this, we factor
the common factor 2 out of the second row, add the second row to the
first and subtract twice the second row from the third row:

—13 25 17 0 8 4

D=2 13 -17 —13 =2 13 ——17 -13

36 —33 —24 10 1 2

0 2 1

:2-4 13 -17 -13 .

10 1 2

There is already one zero in the first row. To obtain still another zero,
we subtract twice the third column from the second column. After this, the
evaluation of the determinant is easily completed.

0 2 1 0 0 1
1>=s 13 -17 -13 =8 13 9 -13 =s(-1)1+B

10 1 2 0 -3 2

13 9

10 -3

13 3=8-3j10 1[=8-3(-13-30):-s-3-43=-1032.
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l.7. Cramer’s Rule

1.71. We are now in a position to solve systems of linear equations.
First we consider a system of the special form

a11x1 ‘I‘ a12x2 -I" ‘ ‘ ' ‘I‘ alnxn = bu
a21x1 a22x2+ ' ' a2nxn = b2, (17)

anlxl + an2-x2 + ' I I 'I' annxn = bnv

i.e., a system which has the same number of unknowns and equations. The
coeflicients a,-,~ (i,j = 1, 2, . . . , n) form the coeflicient matrix of the system;
we assume that the determinant of this matrix is difierent from zero. We
now show that such a system is always compatible and determinate, and we
obtain a formula which gives the unique solution of the system.

We begin by assuming that cl, c2, . . . , c,, is a solution of (17), so that

allcl ‘I‘ (11252 ‘I‘ ' ' ' 'I' alncn : b1’
(12151 ‘I‘ (12252 'I' ' ' ' ‘I‘ (121151. = b2, (18)

anlcl + an2c2 'I' I I I + anncn = bn'

We multiply the first of the equations (18) by the cofactor An of the element
an in the coeflicient matrix, then we multiply the second equation by A21,
the third by A31, and so on, and finally the last equation by AM. Then we
add all the equations so obtained. The result is

(a11A11 ‘I‘ (121-421 ‘I‘ ' ' ' ‘I‘ an1An1)c1

+ (an/411 + a22-421 + ' ' ' 'I' an2An1)c2 'I' ' ' ' (19)

'I' (a1nA11 ‘I‘ an-421 ‘I‘ ' ' ' ‘I‘ annAn1)cn = b1-411 ‘I‘ b2-421 ‘I‘ ' ' ' ‘I‘ bnAn1'

By Theorem 1.51, the coeflicient of cl in (19) equals the determinant D itself.
By Theorem 1.52, the coeflicients of all the other c, (j ¢ 1) vanish. The
expression in the right-hand side of (19) is the expansion of the determinant

bi biz ' ' ' but

D _ b2 a22 ' ' ' a2n1 _

bn an2 ann

with respect to its first column. Therefore (19) can now be written in the
fonn

Dc, = D1,
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so that
Dcl = —‘ .
D

In a completely analogous way, we can obtain the expression

6,-=%’ _(j:l,2,...,n), (20)

where

an "12 ' ' ' (11.1-1 bi a1.i+1 ' ' ' but

_ 1121 1122 ‘ ‘ ‘ a2_j—1 b2 a2.i+1 ' ' ' "2"D7‘ — = D1(bt)

anl an2 ‘ll an..'i—1 bn an.:i+1 ann

is the determinant obtained from the determinant D by replacing its jth
column by the numbers bl, b2, . . . , b,,. Thus we obtain the following result:

If a solution of the system (17) exists, then (20) expresses the solution in
terms of the coeflicients of the system and the numbers in the right-hand side
of (17). In particular, wefind that ifa solution of the system (17) exists, it is
unique.

1.72. We must still show that a solution of the system (17) always exists.
Consider the quantities

D .
c,=$’ (]:l,2,...,n),

and substitute them into the system (1.7) in place of the unknowns x1, x2, . . . ,
x,,. Then this reduces all the equations of the system (17) to identities. In
fact, for the ith equation we obtain

D D D,,
ai1c1+ai2c2+ “Panic”: ai1$1+ai2$2+ +ain$

1
: '5 Iai1(b1A11 ‘I‘ b2-'4-21 'I' ' ' ' 'I' bnAn1)

+ a1'2(b1A12 + b2/422 + ' ' ' + bnAn2) + ' ' '

+ an1(b1-'41” ‘I‘ b2-4211 ‘I‘ ' ' ' ‘I‘ bflAflfl)]

17% [b1(ai1A11 ‘I‘ at-2-412 ‘I‘ ' ' ' ‘I‘ ainA1n) ‘I‘ ' ' '

'I' l72(ll,-1-421 -I‘ an/422 'I' ' ' ' + am/42“) 'I' ' ' '

‘I‘ bn(ai1An1 ‘I‘ ai2An2 'I' ' ' ' ‘I‘ ainAnn)l'
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By Theorems 1.51 and 1.52, only one of the coeflicients of the quantities
bl, b2, . . . , b,, is diflerent from zero, namely the coeflicient of bl, which is
equal to the determinant D itself. Consequently, the above expression
reduces to

L b,-D = b,~,
D

i.e., is identical with the right-hand side of the ith equation of the system.

1.73. Thus the quantities c, (j = 1, . . . , n) actually constitute a solution
of the system (17), and we have found the following prescription (Cramer’s
rule) for obtaining solutions of (17):

If the determinant of the system (17) is diflerent from zero, then (I7) has a
unique solution, namely, for the value of the unknown x, ( = 1, . . . , n) we
take the fraction whose denominator is the determinant D of (17) and whose
numerator is the determinant obtained by replacing the jth column of D by the
column consisting of the constant terms of (17), i.e., the numbers in the right-
hand sides of the system.

Thus finding the solution of the system (17) reduces to calculating
determinants. Ways of solving more general systems (with vanishing deter-
minants, or with a number of equations difi‘erent from the number of
unknowns) will be given in the next two chapters.

1.74. Remark. One sometimes encounters systems of linear equations
whose constant terms are not numbers but vectors, e.g., in analytic geometry
or in mechanics. Cramer’s rule and its proof remain valid in this case as
well; one must only bear in mind that the values of the unknowns xi, x2, . . . ,
x,, will then be vectors rather than numbers. For example, the system

xl 'I' x2 : I — 31,
x1 — x2 =1 + 5j

has the unique solution
c1:i'I'.I, ¢'2=—4.I-

l.8. Minors of Arbitrary Order. Laplace's Theorem

1.81. Theorem 1.54 on the expansion of a determinant with respect to
a row or a column is a special case of a more general theorem on the
expansion of a determinant with respect to a whole set of rows or columns.
Before formulating this general theorem (Lap1ace’s theorem), we introduce
some new notation.

Suppose that in a square matrix of order n we specify any k < n difierent
rows and the same number of diflerent columns. The elements appearing
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at the intersections of these rows and columns form a square matrix of order
k. The determinant of this matrix is called a minor of order k of the original
matrix of order n (also a minor of order k of the determinant D); it is
denoted by

M =M
where fl, 1'2, . . . , i,_. are the numbers of the deleted rows, and j1,j2, . . . ,j,_.
are the numbers of the deleted columns.

If in the original matrix we delete the rows and columns which make up
the minor M, then the remaining elements again form a square matrix, this
time of order n — k. The determinant of this matrix is called the comple-
mentary minor of the minor M, and is denoted by the symbol

M Mi1.l2....1L
2 11.52.---.)'i.'

In particular, if the original minor is of order l, i.e., is just some element
a,-,- of the determinant D, then the complementary minor is the same as the
minor Mi,‘ discussed in Sec. 1.53.

Consider now the minor

M. = Ml:§::::iI
formed from the first k rows and the first k columns of the determinant D;
its complementary minor is

M. = /VI. = /VIl;§:;;:;i.I-
ln the right-hand side of equation (6), p. 6 group together all the

terms of the determinant whose first k elements belong to the minor M, (and
thus whose remaining n ~ k elements belong to the minor M2). Let one
of these terms be denoted by c; we now wish to determine the sign which
must be ascribed to c. The first k elements of c belong to a term c, of the
minor M1. If we denote by N, the number of segments of negative slope
corresponding to these elements, then the sign which must be put in front of
the term c, in the minor M, is (—l)‘\'1. The remaining n — k elements of
c belong to a term c2 of the minor M2; the sign which must be put in front
of this term in the minor M2 is (—l)~"'2, where N2 is the number of segments
of negative slope corresponding to the n — k elements of c2. Since in the
matrix of the determinant D there is not a single segment with negative
slope joining an element of the minor M, with an element of the minor M2,
the total number of segments of negative slope joining elements of the
term c equals the sum N, + N2. Therefore the sign which must be put in
front of the term c is given by the expression (— 1)“ '-"2, and hence is equal
to the product of the signs of the terms c, and c2 in the minors M1 and M2.
Moreover, we note that the product of any term of the minor M, and any
term of the minor M2 gives us one of the terms of the determinant D that
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have been grouped together. It follows that the sum of all the terms that
we have grouped together from the expression for the determinant D given
by (6) is equal to the product of the minors M1 and M2.

Next we solve the analogous problem for an arbitrary minor

M1 = M.Il1..i7':2....-.-.-.ilCk’
with complementary minor M2. By successively interchanging adjacent
rows and columns, we can move the minor M1 over to the upper left-hand
comer of the determinant D; to do so, we need a total of

('.1—1)"I‘(l'2—2)"I""-'1-(1.16-/‘)

—l-(1.1-1)-I-(j2—2)-I-"'-I-(ji-/<)

interchanges. As a result, we obtain a determinant D1 with the same terms
as in the original determinant but multiplied by (— l)"+", where

l=l1‘I‘l2‘I“""I“Ik» l=l1‘I‘j2‘I“""I‘lk-
By what has just been proved, the sum of all the terms in the determinant
D, whose first k elemetlts appear in the minor M, is equal to the product
MYM2. It follows from this that the sum of the corresponding terms of
the determinant D is equal to the product

(—1)‘+iM,M2 =.M,A2,
where the quantity

A2 : (—l)l+jM2

is called the cofactor of the minor M1 in the determinant D. Sometimes
one uses the notation

A2 = /4'iiI'}’.'.'.Z'.'.'i.»
where the indices indicate the numbers of the deleted rows and columns.

Finally, let the rows of the determinant D with indices i1, i2, . . . , ik be
fixed; some elements from these rows appear in every term of D. We group
together all the terms of D such that the elements from the fixed rows
i1, 7'2, . . . , ik belong to the columns with indices j1,j2, . . . ,j,,. Then, by
what has just been proved, the sum of all these terms equals the product of
the minor

Mi1,i¢....,i1
i1.;'g.....i1.-

with the corresponding cofactor. In this way, all the terms of D can be
divided into groups, each of which is characterized by specifying k columns.
The sum of the terms in each group is equal to the product of the corre-
sponding minor and its cofactor. Therefore the entire determinant can be
represented as the sum

_ i,.i,.....1). i'1,i1.....il.-
D — 2 Mix-ig.....itA-i1.i2.....ii’ (21)
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where the indices ix, i2, . . . , ik (the indices selected above) are fixed, and the
sum is over all possible values of the column indices j1,j2, . . . ,j,,
(1 <j1 <j2 < ' - - <j,, < n). The expansion of D given by (21) is called
Laplace’s theorem. Clearly, Laplace’s theorem constitutes a generalization
of the formula for expanding a determinant with respect to one of its rows
(derived in Sec. 1.54). There is an analogous formula for expanding the
determinant D with respect to a fixed set of columns.

1.82. Example. The determinant of the form

an ' ' ' but 0 ' 0

a21 ' ' a2k 0 ' 0

D : akk - - am. 0 - 0

ak+1.1 ' ' ' ”lC+1,lC at-+1,k+1 ' ' ' ak-I-1,n

am ' ' ' arllt amt.-+1 ' ' ' ann

such that all the elements appearing in both the first k rows and the last
n — k columns vanish, is called quasi-triangular. To calculate the deter-
minant, we expand it with respect to the first k rows by using Laplace’s
theorem. Only one term survives in the sum (21), and we obtain

an but ak+1.k+1 ak+1_n
1): . . . >< . . _

am ' ' ' akk an.k+1 ' ' ' ann

1.9. Linear Dependence between Columns

1.91. Suppose we are given n7 columns of numbers with n numbers in
each:

an a12 alm

a21 a22 a2m

A1: - , A2= - ,..., Am: - .

anl an2 anm

We multiply every element of the first column by some number 711, every
element of the second column by 7.2, etc., and finally every element of the
last (mth) column by Am; we then add corresponding elements of the columns.
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As a result, we get a new column of numbers, whose elements we denote by
c1, c2, . . . , c,,. We can represent all these operations schematically as
follows:

I I

IIa11 a21 I I alm C1

a21 a22 a2'm C2
)\1 . +)\2 . +...+)\m . ‘= . ’

anl an2 anm cn

or more briefly as

X1141 'I' )\2A2'I' " ' ’I‘ )\mAm : C,

where C denotes the column whose elements are c1, c2, . . . , c,,. The column
C is called a linear combination of the columns A1, A2, . . . , A,,,, and the
numbers 71, 72, . . . , 71,, are called the coeflicients of the linear combination.
As special cases of the linear combination C, we have the sum of the columns
if 71 = 72 : - - - = 7.," = l and the product of a column by a number if
m = 1.

Suppose now that our columns are not chosen independently, but rather
make up a determinant D of order n. Then we have the following

THEOREM. If one of the columns of the determinant D is a linear combi-
nation of the other columns, then D : 0.

Proof. Suppose, for example, that the qth column of the determinant D
is a linear combination of the jth, kth, . . . , pth columns of D, with coefli-
cients 7.,-, 71,,,...,71D, respectively. Then, according to Sec. 1.47, by sub-
tracting from the qth column first thejth column multiplied by 7.,-, then the
kth column multiplied by 71,, etc., and finally the pth column multiplied by
711,, we do not change the value of the determinant D. However, as a result,
the qth column consists of zeros only, from which it follows that D : 0. I

It is remarkable that the converse is also true, i.e., agiven determinant
D is equal to zero, then (at least) one of its columns is a linear combination
of the other columns. The proof of this theorem requires some preliminary
considerations, to which we now turn.

1.92. Again suppose we have m columns of numbers with n elements in
each. We can write them in the form of a matrix

an a12 alm

A: a21 a22 a27n

anl an2 ii i anm
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with n rows and m columns. If k columns and k rows of this matrix are
held fixed, then the elements appearing at the intersections of these columns
and rows form a square matrix of order k, whose determinant is a minor
of order k of the original matrix A (see p. 21); this determinant may either
be vanishing or nonvanishing. If, as we shall always assume, not all of the
aik are zero, then we can always find an integer r which has the following
two properties: -

1) The matrix A has a minor of order r which does not vanish;
2) Every minor of the matrix A of order r + 1 and higher (if such

actually exist) vanishes.

The number r which has these properties is called the rank of the matrix
A. If all the aik vanish, then the rank of the matrix A is considered to be
zero (r = 0). Henceforth we shall assume that r > 0. The minor of order
r which is difierent from zero is called the basis minor of the matrix A.
(Of course, A can have several basis minors, but they all have the same
order r.) The columns which contain the basis minor are called the basis
columns.

1.93. Concerning the basis columns, we have the following important

THEOREM (Basis minor theorem). Any column of the matrix A is a linear
combination of its basis columns.

Proof To be explicit, we assume that the basis minor of the matrix is
located in the first r rows and first r columns of A. Let s be any integer from
1 to m, let k be any integer from 1 to n, and consider the determinant

an a12 ' ' ' alr an

a21 a22 ' ' ' a27' a2.-
D = . . . . .

arl ar2 I I I arr ars

am ak2 ' ' ' akr aks

of order r + 1. If k < r, the determinant D is obviously zero, since it
then has two identical rows. Similarly, D = 0 for s < r. If k > r and
s > r, then the determinant D is also equal to zero, since it is then a minor
of order r + 1 of a matrix of rank r. Consequently D = 0 for any values
of k and s.

We now expand D with respect to its last row, obtaining the relation

ak1Ak1 + ak2-'41.-2 'I' ' ' ' 'I' akTAkr + at.-_<-41¢; = 05 (22)

where the numbers A11, A12, . . . , A1,, A1, denote the cofactors of the
elements a,,1, a,,2, . . . , ll)”, (1),, appearing in the last row of D. These cofactors
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do not depend on the number k, since they are formed by using elements
a,-1 with i< r. Therefore we can introduce the notation

Akl : C1, Ak2 : C2: - - - 7 Akr :' Cr’ Aka : cs-

Substituting the values k = 1,2, . . . , n in turn into (22), we obtain the
system of equations

¢'1a11 ‘I‘ ¢'2a12 ‘I‘ ' ' ' ‘I‘ bran ‘I‘ csals : 0»

c1a21 ‘I‘ ¢‘2a22 *1‘ ' ' ' 'I' cram ‘I‘ csa2s = 0’ (23)

clanl -1- c2a'n2 -1- I I I -1- cranr '1" csans :

The number c, = A1,, is different from zero, since A1, is a basis minor of the
matrix A. Dividing each of the equations (23) by cs, transposing all the terms
except the last to the right-hand side, and denoting —c,-/c, by 1, (j = l , 2, . . . ,
r), we obtain

an = 7\1a11 ‘I‘ 7\2a12 ‘I‘ ' ' ' + )‘ra1r1

a2.1 Z 7\1a21 + 7\2a22 + ' ' ' + )\ra2r1 (24)

ans = )\1an1 -1- )‘2an2 -1- I I I -1- )‘ranr'

These equations show that the sth column of the matrix A is a linear com-
bination of the first r columns of the matrix (with coefficients 71, 72, . . . , 71,).
The proof of the theorem is now complete, since s can be any number from
1 to m. I

1.94. We are now in a position to prove the converse of Theorem l.9l
(already mentioned at the end of Sec. 1.91),:

THEOREM. If the determinant D vanishes, then it has at least one column
which is a linear combination of the other columns.

Proof. Consider the matrix of the determinant D. Since D = 0, the basis
minor of this matrix is of order r < n. Therefore, after specifying the r
basis columns, we can still find at least one column which is not one of the
basis columns. By the basis minor theorem, this column is a linear
combination of the basis columns. Thus we have found a column of the
determinant D which is a linear combination of the other columns. I

Note that we can include all the remaining columns of the determinant D
in this linear combination by assigning them zero coefficients (say).

1.95. The results just obtained can be formulated in a somewhat more
symmetric way. If the coefficients 711, 712, . . . , 71,, of a linear combination
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ofm columns A1, A2, . . . , Am (see Sec. 1.91) are equal to zero, then obviously
the linear combination is just the zero column, i.e., the column consisting
entirely of zeros. But it may also be possible to obtain the zero column
from the given columns by using coefficients 71, 72, . . . , 71m which are not
all equal to zero. In this case, the given columns A1, A2, . . . , Am are called
linearly dependent. For example, the columns

1 ' 2 1
2 4 1

A1 = 3 5 A2 : 6 5 A3 = 1

4 8 l

are linearly dependent, since the zero column can be obtained as the linear
combination

2-A1— 1 -A2-I-0-A1,.
A more detailed statement of the definition of linear dependence is the

following: The columns

a11 a12 arnl

a21 a22 am2

A1: ' , A2= ' , . Am: '

anl anm

are called linearly dependent if there exist numbers 71, 712, . . . , 71m, not all
equal to zero, such that the system of equation

7.1a11 -1- 7.2a12 -1- - - - -1- 7.ma1m = 0,

7\1a21 ‘I‘ 7\2a22 ‘I‘ ' ' ' ‘I‘ 7\ma2m = 0’

7\1an1 ‘I‘ )\2a'n2 ‘I‘ ' ' ' ‘I‘ Amanm = 0

is satisfied, or equivalently such that

711/11 -1- 712/12 -1- ' ' ' —I— Am/lm = 0,

where the symbol 0 on the right-hand side denotes the zero column. If one
of the columns A1, A2, . . . , Am, (e.g., the last column) is a linear combination
of the others, i.e.,

Am Z )\1A1 -1- )\2A2 -1- i i I -1- )\1n—1Am—1v
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then the columns A1, A2, . . . , Am are linearly dependent. In fact, (25) is
equivalent to the relation

A1-'41 ‘I‘ A2-42 *1‘ ‘ ‘ ' ‘I‘ )‘m—1Am—1 T Am = 0-

Consequently, there exists a linear combination of the columns A1, A2, . . . ,
Am, whose coefficients are not equal to zero (e.g., with the last coefficient
equal to — l) whose sum is the zero column; this just means that the columns
A1, A2, . . . , Am are linearly dependent.

Conversely, thecolumns A1, A2, . . . , Am are linearly dependent, then (at
least) one of the columns is a linear combination of the other columns. In fact,
suppose that in the relation

A1-41 ‘I‘ A2-'42 ‘I‘ ' ' ' 'I' )\m—1Am—1 ‘I‘ )‘mAm = 0 (26)

expressing the linear dependence of the columns A1, A2, . . . , Am, the co-
efficient 7.m, say, is nonzero. Then (26) is equivalent to the relation

71 71 71m_
Afll:vfilAl—)TiLA2-IIIVTM-1Am—17

which shows that the column Am is a linear combination of the columns
A1, A2, . . . , Am_1. Thus, finally, the columns A1, A2, . . . , Am are linearly
dependent and only one of the columns is a linear combination of the
other columns.

1.96. Theorems l.9l and l.94 show that the determinant D vanishes if
and only if one of its columns is a linear combination of the other columns.
Using the results obtained in Sec. 1.95, we have the following

THEOREM. The zleterminant D vanishes and only there is linear de-
pendence between its columns.

1.97. Since the value of a determinant does not change when it is trans-
posed (see Sec. 1.41), and since transposition changes columns to rows, we
can change columns to rows in all the statements made above. In particular,
the determinant D vanishes and only there is linear dependence between
its roirs.

PROBLEMS

1. With what sign do the terms
3) a2aaa1“42“5s“14a65-
bi aaea-1a“14a51a66“25

appear in the determinant of order 6‘?

2. Write down all the terms appearing in the determinant of order four which
have a minus sign and contain the factor 1121,.
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3. With what sign does the term a1,,a2_,,_1 - - -am appear in the determinant of
Order n‘?

4. Show that of the n! terms of a determinant of order n, exactly half (n!/2)
have a plus sign according to the definition of Sec. 1.3, while the other half
have a minus sign.

5. Use the linear property of determinants (Sec. 1.44) to calculate

A am + bp an + bq

cm + dp cn + dq

6. The numbers 20604, 53227_ 25755, 20927 and 78421 are divisible by 17.
Show that the determinant

2 0 6 0 4

5 3 2 2 7

2 5 7 5 5

2 0 9 2 7

7 8 4 2 1

is also divisible by l7.
7. Calculate the determinants

2 1 1 1 1

246 427 327' 1 3 1 1 1

A1 = 1014 543 443 , Ag = 1 1 4 1 1 .

~342 721 621 1 1 1 5 1

1 1 1 1 6
8. Calculate the determinant

1 1 2 3

1 2 — x2 2 3

PM 7 2 3 1 5 '
2 3 l9—x2

9. Calculate the nth-order determinant

x a a

n x a

A:aax

aaa
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10. Prove that

1 - - 1 1 - 1

x1 x2 - - - x,, x1 x2 - x,,

X? xg . . . xi X? XE . . . X2‘ ,,X 2= xk.
. . . . . . k=1

1t—2 11-2 _ _ _ "-2 n-2 1|—2 . . . 1|—2X1 X X" X1 X2 X“

xi» X; . . . X: xi»-1 x;t—2 . . . x;t—1

11. Solve the system of equations

x1 + 2x2 + 3x3 + 4x4 + 5x5 =13,

2x1 + x2 + 2x3 + 3x4 + 4x5 =10,
2x1 + 2x2 + x3 + 2x4 + 3x5 =11,

2x1+2x2+2x3+ x4+2x5= 6,
2x1 + 2x2 + 2x3 + 2x4 + x5 = 3.

12. Formulate and prove the theorem which bears the same relation to Laplace’s
theorem as Theorem 1.52 bears to Theorem 1.51.

13. Construct four linearly independent columns of four numbers each.

14. Show that if the rows of a determinant of order n are linearly dependent,
then its columns are also linearly dependent.



chapter 2

LINEAR SPACES

2.l. Definitions

2.11. In analytic geometry and mechanics one uses vectors (directed li"_°
segments) subject to certain suitably defined operations. The reader I5
undoubtedly already familiar with the meaning of the sum of two vectors and
the product of a vector and a real number, operations obeying the usual
laws of arithmetic.T

The concept of a linear space generalizes that of the set of all vect01'5-
The generalization consists first in getting away from the concrete nature °f
the objects involved (directed line segments) without changing the propertl¢5
of the operations on the objects, and secondly in getting away from U16
concrete nature of the admissible numerical factors (real numbers). This
leads to the following definition: A set K is called a linear (or afline) space
over afield K if

a) Given any two elements x, y e K, there is a rule (the addition rl11°)
leading to a (unique) element x + y 6 K, called the sum ofx and y;I

T For the time being, we are not concerned with the other vector operations, nan1¢lY
scalar and vector products. ln any event, these two products cannot play as basic a role
as that played by the product of a vector and a real number. In fact, the scalar product
of two vectors is no longer a vector, while the operation of forming a vector prod!-Wt’
although leading to a vector, is noncommutative.

it Here and subsequently, we use some notation from set theory. By a 6 A we mean that
the element a belongs to the set A; by B C A we mean that the set B is a subset ofthe set A
(B may coincide with A). The two relations B C A and A C B are equivalent to the asS¢1"
tion that the sets A and B coincide. The symbols E and C are called inclusion relari0"$-
The fact that as A (or A C B) is sometimes written A 5 a (or B 3 A). By 11¢ A we mean
that the element a does nor belong to the set A.

3|
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b) Given any element x e K and any number A e K, there is a rule (the
rule for multiplication by a number) leading to a (unique) element Xx e K,
called the product of the element x and the number 71;

c) These two rules obey the axioms listed below in Secs. 2.12 and 2.13.

The elements of a linear space will be called vectors, regardless of the
fact that their concrete nature may be quite unlike the more familiar directed
line segments. The geometric notions associated with the term “vector”
will help us explain and often anticipate important results, as well as find a
direct geometric interpretation (which would otherwise not be obvious) of
various facts from algebra and analysis. In particular, in the next chapter
we will obtain a simple geometric characterization of all the solutions of a
homogeneous or nonhomogeneous system of linear equations.

2.12. The addition rule has the following properties:

l) x+y=y + xforeveryx,y€K;
2) (x +y)+z=x+ (y+z)foreveryx,y,zeK;
3) There exists an element 0 e K (the zero vector) such that x + 0 = x

for every x e K;
4) For every x 6 K there exists an element y e K (the negative element)

such that x + y : 0.

2.13. The rule for multiplication by a number has the following properties:

5) l-x : x foreveryx eK;
6) ot({-3x) : (ml-3)x for every x 6 K and every ex, {-3 e K;
7) (ot + l-3)x = ax + fix for every x eK and every at, l-36K;
8) v.(x + y) = ax -{- my for every x, y e K and every at 6 K.

2.14. Axioms l)—8) have a number of simple implications:

a. THEOREM. The zero uecror in a linear space is unique.

Proof The existence of at least one zero vector is asserted in axiom 3).
Suppose there are two zero vectors 01 and 02 in the space K. Setting x : 0,,
0 : 02 in axiom 3), we obtain

0, + 02 = 0,.

Setting x = 02, 0 = 0, in the same axiom, we obtain

02 + 0, = 02.
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Comparing the first of these relations with the second and using axiom 1),
we find that 01 = 02. I

b. THEOREM. Every element in a linear space has a unique negative.

Proof. The existence of at least one negative element is asserted in
axiom 4). Suppose an element x has two negatives yj and yz. Adding yz to
both sides of the equation x+y', =0 and using axioms l)—3), we get

y2+(x+yl)=£v2+x) +yi=0+yi=yi,
y2+ (x+yr)=y2+0=y2,

whence y, = y2. I

c. THEOREM. The relation

0 - x = 0

holdsfor every element x in a linear space.T

Proof Consider the element 0-x +1-x. Using axioms 7) and 5), we
get

0-x+l-x=(0+ l)-x=l'x=x,

0-x+l-x=0'x+x,
whence

x=0-x+x.
Lety be the negative of x, and addy to both sides of the last equation.
Then
0:x+y=(0'x+x)+y:0'x+(x+y):0-x+0=0'x,

whence
0=0-x. |

d. THEOREM. Given any element x of a linear space, the element

y : (— l) - x
serves as the negative of x.

Proof Form the sum x +y. Using the axioms and Theorem 2.l4c,
we find that

x-l-y:l-x+(~l)-x:(l—l)-x=0-x:0.I

T In the right-hand side of the equation, 0 denotes the zero vector, and in the left-hand
side the number 0.



34 LINEAR SPACES CI-IAP. 2

e. The negative of a given element x will now be denoted by — x, since
Theorem 2.l4d makes this a natural notation. The presence of a negative
allows us to introduce the operation of subtraction, i.e., the difference x— y
is defined as the sum of x and —y. This definition agrees with the
definition of subtraction in arithmetic.

2.15. A linear space over the field R of real numbers will be called real
and denoted by the symbol R. A linear space over the field C of complex
numbers will be called complex and denoted by the symbol C. If the nature
of the elements x, y, 2, . . . and the rules for operating on them are specified
(where axioms l)—8) must be satisfied), then we call the linear space concrete.
As a rule, such spaces will be denoted by their own special symbols.

The following four kinds ofconcrete spaces will be ofparticularimportance
later:

a. The space V3. The elements of this space are the free vectors studied
in three-dimensional analytic geometry. Each vector is characterized by a
length and a direction (with the exception of the zero vector, whose length
is zero and whose direction is arbitrary). Addition of vectors is defined in
the usual way by the parallelogram rule. Multiplication of a vector by a
number A is also defined in the usual way, i.e., the length of the vector is
multiplied by |)tl, while its direction remains unchanged if A > 0 and is
reversed if A < 0. It is easily verified that all the axioms l)—8) are satisfied
in this case. We denote the analogous sets of two-dimensional and one-
dimensional vectors, which are also linear spaces, by V2 and V1, respectively;
V1, V2 and V3 are linear spaces over the field R of real numbers.

b. The space Kn. An element of this space is any ordered n-tuple

x:(€1’€2’---sin)

ofn numbers from the field K. The numbers Z1, Z2, . . . , 2,, are called the
components of the element x. The operations of addition and multiplication
by a number A e K are specified by the following rules:

(€1s€2v'-- ,5,,.)+(‘/11,‘/12,---,m)=(€l+ ‘/11, 52+ "12,---, €,.+*/1») (1)

)‘(€1s€2v - - - 1 in) = (Ail! )‘€2’ ' ' ' 2

It is easily verified that axioms l)—8) are satisfied. In particular, the element
0 is the n-tuple consisting ofn zeros:

0=(0,0,...,0).

Actually, we dealt with elements of this space in Sec. 1.9, except that we
wrote them there in the form of columns of numbers rather than rows of
numbers. If K is the field R of real npmbers, we write Rn instead of Kn,
while ifK is the field C of complex numbers, we write C" instead of K".
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c. The space R(a, b). An element of this space is any continuous real
function x = x(t) defined on the interval a < t< b. The operations of
addition of functions and multiplication of functions by real numbers are
defined by the usual rules of analysis, and it is obvious that axioms l)—8) are
satisfied. In this case, the element 0 is the function which is identically zero.
The space R(a, b) is a linear space over the field R of real numbers.

d. Correspondingly, the space C(a, b) is the space of all continuous
complex-valued functions on the interval a < t < b. This space is a linear
space over the field C of complex numbers.

2.16. We note that all the properties of elements of concrete spaces (e.g.,
the vectors of the space V3) which are based only on axioms l)—8) are also
valid for the elements of an arbitrary linear space. For example, analyzing
the proof of Cramer’s rule for solving the system of linear equations

auxi + a12-x2 *1‘ ' ' ' *1‘ alnxn : bl:

a21x1 + a22x2 + ' ' ' + a2nxn = I72,

anlxl + an2x2 + I ' . + annxn = bn’

we observe that insofar as the quantities bl, b2, . . . , b,, are concerned, the
proof is based only on axioms l)—8) and the fact that these quantities can be
added and multiplied by numbers in K. As has already been pointed out in
Sec. 1.74, this permits us to generalize Cramer’s- rule to systems in which the
quantities bl, b2, . . . , b,, are vectors (elements of the space V3). Furthermore,
this permits us to assert that Cramer’s rule is also valid for systems in which
the elements bl, b2, . . . , b,, are elements of any linear space K. We note
only that then the values of the unknowns xl, x2, . . . , x,, are also elements
of the space K, and in fact can be expressed linearly in terms of the quantities
bl, b2, . . . , b,,.

2.17. Remark. In analytic geometry, it is sometimes convenient to con-
sider vectors which are not free but have their initial points attached to the
origin of coordinates. The convenience of this approach is that every vector
is then associated with a point of space, namely its end point, and every
point of space can be specified by giving the corresponding vector, called the
radius vector of the point. With this picture in mind, we sometimes call the
elements of a linear space points instead of vectors.T Of course, this change
in terminology is not accompanied by any change whatsoever in the definitions,
and merely appeals to our geometric intuition.

T We then talk of the “coordinates” of a point, rather than of the “components” of a
vector.
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2.2. Linear Dependence

2.21. Let xl, x2, . . . , xl. be vectors of the linear space K over a field K,
and let <1l, <12, . . . , <12 be numbers from K. Then the vector

y:<X1X1+<><2x2+'""+<=<1.x1.

is called a linear combination of the vectors xl, x2, . . . , xl, and the numbers
<1l, <12, . . . , <12 are called the coeflicients of the linear combination.

lf <11 = <12 = - -- = <1, : 0, then y = 0 by Theorem 2.140. However,
there may exist a linear combination of the vectors xl, x2, . . . , xl, which
equals the zero vector, even though its coefficients are not all zero. In this
case, the vectors xl, x2, . . . , xl, are called linearly dependent. In other words,
the vectors xl, x2, . . . , x,, are said to be linearly dependent if there exist
numbers <1l, <12, . . . , <12, not all equal to zero, such that

°l1x1 + °l2x2 -1‘ ‘ ‘ ‘ + akxlc : 0- (3)

If (3) is possible only in the case where

<1l = <12 = — otk = 0,

the vectors xl, x2, . . . , xl, are said to be linearly independent (over K).

2.22. Examples

a. In the linear space V3, linear dependence of two vectors means that
they are parallel to the same straight line. Linear dependence of three
vectors means that they are parallel to the same plane. Any four vectors
are linearly dependent.

b. We now explain what is meant by linear dependence of the vectors
xl, x2, . . . , xl, of the linear space Kn. Let the vector x, have components
El”, El”, . . . , Z5,” (i = 1, 2, . . . , k). Then the linear dependence expressed
by

°l1x1 + °l2x2 'i' " " " 'i' “Ex/.~ : 0

means that the n equations

(1) (2) t _ _ _ (lc) _
OHE1 + QQE1 T + “Til v 0,

V-1:?) 'i' 1-2&5?) *1‘ ‘ ' ‘ 'i* lkghk) : 0, (4)

Y(1) t “(2) _ _ , (lc) 7
“1Q,, ?"°12t.tn + +1k€,, — 0

hold, where the constants <1l, <12, . . . , ml are not all equal to zero. This is
the same definition of linear dependence as that given in Sec. 1.95 for
columns of numbers.



SEC. 2.2 LINEAR DEPENDENCE 37

Thus the problem of whether or not the vectors xl, x2, . . . , xk are
linearly dependent reduces in the general case to the problem of whether or
not there exists a nontrivial solution of the homogeneous system of equations
(4),T with coefficients equal to the corresponding components of the given
vectors. This problem will be solved completely in Sec. 3.21, where we will
find a rule allowing us to decide whether or not given vectors in the space K,,
are linearly dependent from an examination of their components.

c. In some cases, however, we can even now decide whether or not a
given system of vectors is linearly dependent. For example, consider the n
vectors

el: (l,0,0,...,0),
@2:(0,1,o,...,o),

e,,=(0,0,0,...,l)

in the space Kn. For these vectors, the system (4) has the form

<1l-1+<12~0+<13~0+~-~+<1,,-0:0,
otl"0+v.2"l—l—<13'0+'""+m,,"0:0,

ml-0+<12'0+<13"0+"""+<1,,-l=O,

and obviously has the unique solution

ot1:ot2="“:<1,,:0.

Thus the vectors el, e2, . . . , e,, in the space K,, are linearly independent.

d. Linear dependence of the vectors

xl = xl(t), x2 : x2(t), . . . , xl, = x,,(t)

in the space R(a, b) (or C(a, b)) means that the functions xl(t), x2(t), . . . ,
x,,(t) satisfy a relation of the form

”~1x1(t) + °l2x2(t) 'i' ‘ ‘ " -1‘ °l1<-Xk(t) E 0,

where the constants <1l, <12, . . . , <1l. are not all equal to zero. For example,
the functions

xl(t) : cos2 t, x2(t) = sin? t, x3(t) = l

are linearly dependent, since the relation

x1(t) + x2(t) — xa(t) 5' 0

T Concerning the terms “homogeneous” and “nontrivial,” see Sec. 2.42e.
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holds. On the other hand, as we now show, the functions 1, t, t2, . .. , t"
are linearly independent. In fact, suppose there exists a relation

<10-l—l—otlt—l—""'+ot,,t"EO. (5)

Then, by successively difierentiating (5) k times, we obtain a system of
k + l equations in the quantities <10, <1l, . . . , <1,,, with a determinant which
is clearly difierent from zero (recall Sec. l.55b). Solving this system by
Cramer’s rule (Sec. 1.75), we find that

<10=otl:--~=ot,,=0.

Consequently, the functions l, t, t2, . . . , t" are linearly independent in the
space R(a, b), as asserted.

2.23. Next we note two simple properties of systems of vectors, both
involving the notion of linear dependence.

a. LEMMA. If some of the vectors xl, x2, . . . , x,, are linearly dependent,
then the whole system xl, x2, . . . , x,, is also linearly dependent.

Proof. Without loss of generality, we can assume that the vectors
xl, x2, . . . , x,» (j < k) are linearly dependent. Thus there is a relation

°‘1x1+ °l2x2-1‘ +09;/2:0,

where at least one of the constants <1l, <12, . . . , <1, is difierent from zero. By
Theorem 2.14c and axiom 3) of Sec. 2.12, we have

<1lxl+<12x2+---+<1,-x,-+0-x,+l+---+0-x,,=0.

But then the vectors xl,x2, . . . ,x,, are also linearly dependent, since at
least one of the constants <1l, <12, . . . , <1,~, 0, . . . , 0 is difierent from zero. I

b. LEMMA. The vectors xl, x2, . . . , x,, are linearly dependent if and only if
one of the vectors can be expressed as a linear combination of the others.

Proof. A similar statement has already been encountered; in fact, it was
proved for columns of numbers in Sec. 1.95. Inspecting the proof given
there, we see that it is based only on the possibility of performing on columns
the operations of addition and multiplication by real numbers. Hence the
proof can be carried through for the elements of any linear space, i.e., our
lemma is valid for any linear space. I

2.3. Bases, Components, Dimension

2.31. By definition, a system of linearly independent vectors el, e2, . . . ,
e,, in a linear space K over a field Kis called a basis for K if, given any x e K,
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there exists an expansion

x=€1e1+€2e2+"'+€rie1t (€ieK,j:1,2,---,")- (6)

It is easy to see that under these conditions the coeflicients in the expansion
(6) are uniquely determined. In fact, if we can write two expansions

x = £131 +€2e2 -1‘ -1‘ £1.91.’

x=7l1e1 +7l2e2+‘""+“/11.3,.

for a vector x, then, subtracting them term by term, we obtain the relation

0 = (£1 — "l1)e1 -1" (£2 — 7l2)e2 -1" ' " " '1‘ (E1: — 7l1t)e1n

from which, by the assumption that the vectors el, e2, . . . , e,, are linearly
independent, we find that

£11‘/l1’€2=7l2»-~ ,€,,:7l,,-

The uniquely defined numbers E1, E2, . . . ,E,, , are called the components of the
vector x with respect to the basis el, e2, . . . , e,,.

2.32. Examples

a. A familiar basis in the space V3 is formed by the three orthogonal unit
vectors i, j, k. The components El, E2, E3 of a vector x with respect to this
basis are the projections of X along the coordinate axes.

b. An example of a basis in the space K,, is the system of vectors

el = (1,0,...,0),
e2: (0,1,...,0),

e,,:(0,0,...,1),

already considered in Sec. 2.22c. Indeed it is obvious that the relation
x=E1(1,0,...,0)-T-E2(0,1,...,0)-T-~~~+E,,(0,0,...,1)

holds for every vector
x : (€1s€2a" - ~ 9€rt)eKn'

This fact, together with the linear independence of the vectors el, e2, . . . , e,,
already proved, shows that these vectors form a basis in the space K,,. In
particular, we see that the numbers El, E2, . . . , E,, are just the components
of the vector x with respect to the basis el, e2, . . . , e,,.

c. In the space R(a, b) there does not exist a basis in the sense defined
here. The proof of this statement will be given in Sec. 2.36c.

2.33. The fundamental significance of the concept of a basis for a linear
space consists in the fact that when a basis is specified, the originally ab-
stract linear operations in the space become ordinary linear operations with
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numbers, i.e., the components of the vectors with respect to the given basis.
In fact, we have the following

THEOREM. When two vectors ofa linear space K are added, their components
(with respect to any basis) are added. When a vector is multiplied by a number
)1, all its components are multiplied by 71.

Proof. Let

x = £131 'i' £232 'i' " ' ' -1‘ E03,,’

y : 71131 + 71232 41' ' ' ' + 7l1t3tt-
Then

X -1' y = (£1 -1" 7l1)31 -1" (£2 -1" 7l2)32 -1" " '1' (£0 '1' 7ln)3m

xx : X3131 'i' X2232 'i' ‘ ‘ ‘ -1‘ 7\€n3,,,

by the axioms of Secs. 2.12 and 2.13. I

2.34. If in a linear space K we can find n linearly independent vectors
while every n + 1 vectors ofthe space are linearly dependent, then the number
n is called the dimension of the space K and the space K itself is called n-
dimensional. A linear space in which we can find an arbitrarily large number
of linearly independent vectors is called infinite-dimensional.

THEOREM. In a space K of dimension n there exists a basis consisting of n
vectors. Moreover, any set ofn linearly independent vectors of the space K is a
basis for the space.

Proof. Let el, e2, . . . , e,, be a system of n linearly independent vectors
of the given n-dimensional space K. If x is any vector of the space, then the
set ofn + l vectors

x,el,e2,...,e,,

is linearly dependent, i.e., there exists a relation of the form

‘box -1‘ @131 + @232 'i' ' ' ' + ‘M311 = 0: (7)
where at least one of the coefficients <10, <1l,. .. , <1,, is different from zero.
Clearly <10 is different from zero, since otherwise the vectors el, e2, . . . , e,,
would be linearly dependent, contrary to hypothesis. Thus, in the usual
way, i.e., by dividing (7) by <10 and transposing all the other terms to the
other side, we find that x can be expressed as a linear combination of the
vectors el, e2, . . . , e,,. Since x is an arbitrary vector of the space K, we have
shown that the vectors el, e2, . . . , en form a basis for the space. I

2.35. The preceding theorem has the following converse:

THEOREM. If there is a basis in the space K, then the dimension ofK equals
the number of basis vectors.
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Proof. Let the vectors el, e2, . . . , e,, be a basis for K. By the definition
of a basis, the vectors el, e2, . . . , e,, are linearly independent; thus we already
have n linearly independent vectors. We now show that any n + 1 vectors
of the space K are linearly dependent. -

Suppose we are given n + 1 vectors of the space K:
( (1)x1 Z €i1)e1 + Y€21)e2 + . . . + in en’

I ) 1 . . . (2)
x2 = £12 31 'i' €22’32 + -1- in 311’

_ vi +1) (+1) _ _ _ (+1)
xn~l>-1 — Q1" 31 'i' £2” 32 'i' *1‘ £11" 311-

Writing the components of each of these vectors as a column of numbers, we
form the matrix

£11) £52) _ _ _ €:ll"l'1i

6:1) $2) _ _ _ ggwl)

£11) €(2> . . . €(1i+1)
7! YL H

with n rows and n + 1 columns. The basis minor of the matrix A (see Sec.
1.92) is of order r < n. If r : 0, the linear dependence is obvious. Let
r > 0. After specifying the r basis columns, we can still find at least one
column which is not one of the basis columns. But then, according to the
basis minor theorem, this column is a linear combination of the basis
columns. Thus the corresponding vector of the space K is a linear combination
of some other vectors among the given xl, x2, . .. ,x,,+l. But in this case,
according to Lemma 2.23b, the vectors xl, x2, . . . , x,,+l are linearly
dependent. I

A:

a. The space V0 is three-dimensional, since it has a basis consisting of
the three vectors i, j, k (see Example 2. 32a). Similarly, V2 is two-dimensional
and Vl is one-dimensional.

b. The space Kn is n-dimensional, since it contains a basis consisting of
the n vectors el, e2, . . . , e,, (see Example 2.32b).

c. In each of the spaces R(a, b) and C(a, b), there is an arbitrarily large
number of linearly independent vectors (see Example 2.22d), and hence these
spaces are infinite-dimensional. Therefore neither space has a basis, for the
presence of a basis would contradict Theorem 2.35.

d. Every complex linear space C is obviously a real space as well, since
the domain of complex numbers contains the domain of real numbers.
However, the dimension of C as a complex space does not coincide with that
of C as a real space. In fact, if the vectors el, . . . , e,, are linearly independent
in C regarded as a complex space, then the vectors el, iel, . . . ,e,,, ie,, are
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linearly independent in C regarded as a real space. Hence the dimension of
C regarded as a real space is twice as large as that of C regarded as a
complex space (provided the dimension is finite).

2.4. Subspaces

2.41. Suppose that a set L of elements of a linear space K has the following
properties:

a) IfxeL,y€L,thenx+y€L;
b) If x e L and 7. is an element of the field K, then ).x.e L.

Thus L is a set of elements with linear operations defined on them. We now
show that this set is also a linear space. To do so, we must verify that the
set L with the operations a) and b) satisfies the axioms of Secs. 2.12 and
2.13, Axioms 1), 2) and 5)—8) are satisfied, since they hold quite generally
for all elements of the space K. It remains to verify axioms 3) and 4). Let
x be any element of L. Then, by hypothesis, 7.x 6 L for every A 6 K. First
we choose 71 : 0. Then, since 0 - x = 0 by Theorem 2.l4c, the zero vector
belongs to the set L, i.e., axiom 3) is satisfied. Next we choose A = —1.
Then, by Theorem 2.l4d, (— l)x is the negative of the element x. Thus, if
an element x belongs to the set x, so does the negative of x. This means
that axiom 4) is also satisfied, so that L is a linear space, as asserted.
Consequently, every set LCK with properties a) and b) is called a linear
subspace (or simply a subspace) of the space K.

2.42. Examples

a. The set whose only element is the zero vector ofthe space K is obviously
the smallest possible subspace of K.

b. The whole space K is the largest possible subspace of K.

These two subspaces of K, the whole space and the set {0} consisting of
the zero vector alone, are sometimes called trivial subspaces. All the other
subspaces of K are then said to be nontrivial.

c. Let Ll and L2 be two subspaces of the same linear space K. Then the
set of all vectors x 6 K belonging to both Ll and L2 forms a subspace called
the intersection of the subspaces Ll and L2. The set of all vectors of the form
y + z, wherey e Ll, z e L2 forms a subspace, denoted by Ll + L2 and called
the sum of the subspaces Ll and L2.

d. All the vectors in the space V0 parallel to a plane (or a line) form a
subspace. If we talk about points rather than about vectors, as in Sec. 2.17,
then the subspaces of V0 are the sets of points lying on some plane (or line)
passing through the origin of coordinates.
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e. Consider the set L of all vectors (El, E2, . . . , E,,) in the space K, whose
coordinates satisfy a system of linear equations of the form

a11x1 *1‘ a12x2 ‘i* ‘ ‘ ‘ *1‘ alnxn = 0,

a21x1 *1‘ a22x2 *1‘ ' ' ‘ *1‘ a2'nx'n = 0,
. . . . . . . . . . . . . . . . . . . . . . . (8)

aklxl *1‘ (112752 *1‘ ' ' ' *1‘ aknxn = 0.

with coefficients in the field K and constant terms equal to zero. Such a
system is called a homogeneous linear system. A homogeneous linear system
is always compatible, since it obviously has the “trivial” solution

xl=x2=~--=x,,=0.

Let cl", cl“, . . . , cl,“ and cl”, cf’, . . . , cf’ be two solutions of this system,
and form the numbers

t < <1 (2 _ <1» <2»cl=cl“+cl2’,c2=c2’-T-c2’,...,c,,-c,, -T-c,,.

Then clearly cl, c2, . . . , c,, is again a solution of the system (8). In fact,
substituting these numbers into the i'th equation of the system, we obtain

ailcl *1‘ (11232 *1‘ " " ' *1‘ aincn

= ai1(3iU ‘l‘ 312’) ‘l‘ ai2(32n ‘i‘ 322’) *1‘ ' ' ' '1‘ am(3itn *1‘ 31.2’)

=(ai13in *1‘ (112321) ‘l‘ ' ' ' ‘l‘ amcitn)

*1‘ (@1312, *1‘ (112322) *1‘ ' ' ' ‘l‘ amc(1t2)) = 0’

as asserted; this solution will be called the sum of the solutions cl“, cl", . . . ,
cl,“ and cf’, cl”, . . . , cf’. Similarly, if cl, c2, . . . , c,, is an arbitrary solution
of the system (8), then the numbers )tcl, )tc2, . . . , 7tc,, also form a solution of
(8) for every fixed A e K; this solution will be called the product of the solution
cl, c2, . . . , c,, and the number 7.. Thus solutions of a homogeneous linear
system (8) with coeflicients and constant terms in a given field K can be added
to one another and multi'pli'ed by numbers from the same field K, with the
result still a solution of (8). In other words, the set L is a subspace of the
space Kn, and hence a linear space in its own right. We will call L the solution
space of the system (8). In Sec. 3.41 we will calculate the dimension of this
space and construct a basis for it.

2.43. We now consider some properties of subspaces which are related
to the definitions of Secs. 2.2 and 2.3. First of all, we note that every linear
relation which connects the vectors x,y, . . . , z in a subspace L is also valid
in the whole space K, and conversely. In particular, the fact that the vectors
x,y, . . . , z e L are linearly dependent holds true simultaneously in the
subspace L and in the space K. For example, if every set of n + 1 vectors is
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linearly dependent in the space K, then this fact is true afortiori in the sub-
space L. It follows that the dimension of any subspace L of an n-dimensi'onal
space K does not exceed the number n. According to Theorem 2.34, in any
subspace L C K there exists a basis with the same number of vectors as the
dimension ofL. Of course, ifa basis el, e2, . . . , e,, is chosen in K, then in the
general case we cannot choose the basis vectors of the subspace L from the
vectors el, e2, . . . , en, because none of these vectors may belong to L.
However, it can be asserted that if a basis fl, f2,. . . ,f, is chosen i'n the
subspace L (which, to be explicit, is assumed to have dimension l < n), then
additional vectors fl+l, . . . , f,, can always be chosen i'n the whole space K such
that the systemfl,f2, . . . ,f,, . . . ,f,, is a basisfor all ofK.

To prove this, we argue as follows: In the space K there are vectors which
cannot be expressed as linear combinations of fl,fi2, . . . ,f,. Indeed, if
there were no such vectors, then the vectorsfl,f2, . . . ,f,, which are linearly
independent by hypothesis, would constitute a basis for the space K, and then
by Theorem 2.35 the dimension of K would be l rather than n. Let f,+l be
any of the vectors that cannot be expressed as a linear combination of
fl,fi2, . . . ,f,. Then the systemfl,f2, . . . ,f,,f,+l is linearly independent. In
fact, suppose there were a relation of the form

°‘1f1 ‘i* °‘2f2 ‘i* " " ' ‘i* “if: ‘i* °¢i+1fl+1 : 0-

Then if <1,+l ¢ 0, the vectorfl+l could be expressed as a linear combination
offl,f2, . . . ,f,, while if <1,+l = 0, the vectorsfl,f2, . . . ,f, would be linearly
dependent. But both these results contradict the construction. If now every
vector of the space K can be expressed as a linear combination offl,f2, . . . ,
f,,f,+l, then the systemfl,f2, . . . ,f,,f,+l forms a basis forK (andl + 1 : n),
which concludes our construction. If l + 1 < n, then there is a vector f,+2
which cannot be expressed as a linear combination offl,f2, . . . ,f,,f,_.rl, and
hence we can continue the construction. Eventually, after n —~ l steps, we
obtain a basis for the space K.

2.44. We say that the vectors gl, . . . .g,. are linearly independent over
the subspace L C K if the relation

<1lgl+---+<1,,g,,€L (<1l,...,rX;,€K)
implies

<1l:---:<1,,:0.

If L is the subspace consisting ofthe zero vector alone, then linear independ-
ence over L means ordinary linear independence. Linear dependence of the
vectors gl, . . . ,g,, over the subspace L means that there exists a linear
combination <1lgl + - - - -1- <1,,g,, belonging to L, where at least one of the
coefficients <1l, . . . , <10 is nonzero.
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The largest possible number of vectors of the space K which are linearly
independent over the subspace L C K is called the dimension of K over L.

If the vectors gl, . . . ,g,, are linearly independent over the space L C K
and if the vectors fl, . . . ,f, are linearly independent in the subspace L, then
the vectors gl, . . . . gkifla . . . ,f, are linearly independent in the whole space
K. In fact, if there were a relation of the form

°‘1f1*l*"'+“ifi*l‘i'31g1‘i*"'"l‘i5kgk:0,

or equivalently

l51g1+"'" *1‘ 15181: '(°l1f1*l""*l* ¢;ft)EL1
then

l51=""‘=l5i.=0.
by the assumed linear independence of the vectors gl, . . . , gk over L. It
follows that <1l = - - ~ : <1, : 0, by the linear independence of the vectors
./1a--- afl'

The vectorsf,+l, . . . .f,, Constructed in Sec. 2.43 are linearly independent
over the subspace L. In fact, if there were a relation of the form

°‘i+1fz+1‘tL""l‘°‘1tfn:°‘1f1+"'*l‘°‘tfi

with at least one of the numbers <1l+l, . . . , <1, not equal to zero, then the
vectors fl, . . . , f,, would be linearly dependent, contrary to the construction.
Hence the dimension of the space K over L is no less than n v l. On the
other hand, this dimension cannot be greater than n — l, since if n — l + 1
vectors hl, . . . ,h,,_,+l, say, were linearly independent over L, then the
vectors hl, . . . ,h,,L,+l,fl, . . . ,f,, of which there are more than n, would be
linearly independent in K. Therefore the dimension of K over L is precisely
n Y l.

2.45. The direct sum. We say that a linear space L is the direct sum
of given subspaces Ll, . . . , L,,, C L if

a) For every x e L there exists an expansion

X:-\'1+"'-l-Km.

where xl eLl, . .. ,x,,, eL,,,;
b) This expansion is unique, i.e., if

x:x1‘i*"'"l‘xm=y1‘i"" 'i')/m

wherex,-EL,-,y,»€L,-(j= l,...,m),thcn

xliylfi-"9xm:ym‘



46 LINEAR SPACES C]-1AP_ 2

However, the validity of condition b) is a consequence of the following
simpler condition:

b’) If
0 = Z1 -1- ' ' ' -1- Z...

where zleLl,...,z,,,eLm, then

zl:---=z,,,=O.

In fact, given two expansions x : xl + ~ -- + x,,,, x = yl + - - - -T-ym,
suppose b’) holds. Then subtracting the second expansion from the first,
we get

0:(x1 —)/1) -1- _ " + (xm i)/m)»

and hence xl = yl,. . . , x,,, = y,,,, because of b’). Conversely, b’) follows
fromb)ifwesetx=0,xl=---=x,,,=0.

It follows from condition b) that every pair of subspaces Ll, . . . , Lm
has only the element 0 in common. In fact, if 2 6 L,- and z e Ll, then using
b) and comparing the two expansions

z=z—l-0, 26L,-, 0€L,,,

z=O+z, OEL,-, z€L,,,
we find that z = 0.

Thus an n-dimensional space K,, is the direct sum of the n one-dimensional
subspaces determined by any n linearly independent vectors. Moreover, the
space K,, can be represented in various ways as a direct sum of subspaces not
all of dimension 1.

2.46. Let L be a fixed subspace of an n-dimensional space K,,. Then there
always exists a subspace M C K,, such that the whole space K,, is the direct
sum ofL and M. To prove this, we use the vectors fl+l, . . . ,f,, constructed
in Sec. 2.43, which are linearly independent over the subspace L. Let M be
the subspace consisting of all linear combinations of the vectors f,+l, . . . ,f,,.
Then M satisfies the stipulated requirement. In fact, since the vectors
fl,. .. ,f,, form a basis in K, (see Sec. 2.43), every vector x EL has an
expansion of the form

x=°l1f1*1““‘1*011/1*1‘°l1+1fz+1*1‘"‘"*1‘°‘1tfn:)/*1‘Z,
where

)’:°‘1f1*1"'"‘1*°‘ifieL’

Z=°li+1fl+1*1*"'*1‘°‘1tfn5Nl-

Moreover x = 0 implies <1l = _ <1, = 0, since the vectors fl, . . . ,f,,
are linearly independent. Therefore conditions a)—b’) of Sec. 2.45 are
satisfied, so that K,, is the direct sum of L and M.
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2.47. a. If the dimension of the space Ll, equals rl, (k = 1, . . . , m) and
if rl, linearly independent vectors fl,l, . . . , fl,,k are selected in each space Ll,,
then every vector x of the sum L = Ll + - - ~ + Ll, can be expressed as a
linear combination of these vectors. Hence the dimension of the sum of the
spaces Ll, . . . , Ll, does not exceed the sum of the dimensions of the separate
spaces. Ifthe sum Ll + ~ ~ ~ + Ll, is direct, then the vectorsfll, . . . ,fl,1, . . . ,
fl,l, . . . ,fl,,k, . . . ,f,,,l, . . . , f,,,,m are all linearly independent, so that in this
case the dimension of the sum is precisely the sum of the dimensions.

b. In the general case, the dimension of the sum is related to the dimen-
sions of the summands in a more complicated way. Here we consider only
the problem of determining the dimension of the sum of two finite-dimensional
subspaces P and Q of the space K, of dimensions p and q, respectively. Let
L be the intersection of the subspaces P and Q, and let L have dimension l.
First we choose a basis el, e2, . . . , el in L. Then, using the argument of
Sec. 2.43, we augment the basis el, e2, . . . , el by the vectorsfl+l,fl+2, . . . ,f,,
to make a basis for the whole subspace P and by the vectors gl+l,gl+2, . . . , gl,
to make a basis for the whole subspace Q. By definition, every vector in the
sum P + Q is the sum of a vector from P and a vector from Q, and hence can
be expressed as a linear combination of the vectors

el,...,el,f,+l,...,f,,,g,+l,...,g,. (9)

We now show that these vectors form a basis for the subspace P + Q. To
show this, it remains to verify their linear independence. Assume that there
exists a linear relation of the form

@131 ‘1‘ ' ' ' ‘1‘ “I31 *1‘ 151+-1ft+1 ‘1‘ ' ' '

*1‘ 151/; *1‘ Yi+18v+1 ‘1"" *1‘ Yagq = 0’ (10)
where at least one of the coefficients <1l, . . . , Y, is different from zero. We
can then assert that at least one of the numbers ylll, . . . , Y, is different from
zero, since otherwise the vectors

31, - - - ,3I,fi+1» - - - Qfp

would be linearly dependent, which is impossible in view of the fact that they
form a basis for the subspace P. Consequently the vector

x=Yt+1gi+1‘1"" +Yaga¢0’ (11)

for otherwise the vectors gl+l, . . . ,g, would be linearly dependent. But it
follows from (10) that

—x=°l131*1‘"‘"‘1*15ofpeP,

while (1 l) shows that x e Q. Thus x belongs to both P and Q, and hence
belongs to the subspace L. But then

X = Yi+1Zt+1'1‘ ' ‘ ‘ "1‘ Yaga = A131 *1‘ ‘ ‘ ‘ ‘1‘ 7231»
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and since the vectors
31, - - - .@t.gi+1. - - .g0

are linearly independent, we have

Yt+1:""":Y.:°-
This contradiction shows that the vectors (9) are actually linearly independent,
and hence form a basis for the subspace P + Q. It follows from Theorem
2.35 that the dimension of P + Q equals the number of basis vectors (9).
But this number equals p + q v l. Thus, finally, the dimension of the sum
of two subspaces is equal to the sum of their dimensions minus the dimension
of their intersection.

c. COROLLARY. Let R,, and R, be two subspaces of dimensions p and q,
respectively, of an n-dimensional space Rn, and suppose p + q > n. Then
the intersection of R,, and R0 is of dimension no less than p + q — n.

2.48. Factor spaces

a. Given a subspace L of a linear space K, an element x 6 K is said to be
comparable with an element y e K (more exactly, comparable relative to L)
if x vy eL. Obviously, if x is comparable with y, then y is comparable
with x, so that the relation of comparability is symmetric. Every element
x e K is comparable with itself. Moreover, if x is comparable with y and y
is comparable with z, then x is comparable with 2, since

x—z=(x—y)+(yv2)€L.

b. The set of all elements y 6 K comparable with a given element x e K
is called a class, and is denoted by X. As just shown, a class X contains the
element x itself, and every pair of elements y e X, 2 e X are comparable with
each other. Moreover, if u ¢ X, then u is not comparable with any element
of X. Therefore two classes either have no elements in common or else
coincide completely. The subspace L itself is a class. This class is denoted
by 0, since it contains the zero element of the space K.

c. The whole space K can be partitioned into a set of nonintersecting
classes X, Y, . . .. This set of classes will be denoted by K/L. We now
introduce linear operations in K/L as follows: Given two classes X, Y and
two elements <1, B of the field K, we wish to define the class <1X + l-3Y. To do
this, we choose arbitrary elements xe X, y e Y and find the class Z con-
taining the element 2 = <1x + l-3y. This class is then denoted by <1X + T-BY.
Clearly, <1X + T-BY is uniquely defined. In fact, suppose we choose another
element xl of the class X and another element yl of the class Y. Then

(<1-\'1 T 511) Y (1-Y + 151') I <=<(X1 — X) + 150/1 — Y)
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belongs to the space L, since xl Y x and yl — y both belong to L. It follows
that <1xl + Byl belongs to the same class as ax + T-3y.

In particular, the above prescription defines addition of two classes X
and Y, as well as multiplication of a class by a number <1 6 K. We now show
that these operations obey the axioms of a linear space, enumerated in Secs.
2.12 and 2.13. In fact, the validity of axioms l) and 2) of Sec. 2.12 and
axioms 5)—8) of Sec. 2.13 for classes follows at once from their validity for
elements of the space K. Moreover, the zero element of the space K/L is the
class 0 (consisting of all elements of the subspace L), while the inverse of the
class X is the class consisting of all inverses of elements of the class X. Thus
axioms 3) and 4) of Sec. 2.12 are also satisfied for the set of classes K/L.
The resulting linear space K/L is called the factor space of the space K with
respect to the subspace L.

2.49. THEOREM. Let K : K, be aii n-dimensional linear space over the
field K, and let L : Ll C K be an l-dimensional subspace of K. Then the
factor space K/L is of dimension n Y l.

Proof. Choose any basisfl, . . . ,fl e L, and augment it, as in Sec. 2.43,
by vectors flll, . . . ,f,, to make a basis for the whole space K. Then the
classes Xlll aflll, . . . , X,, 9f,, form a basis in the space K/L. To see this,
we note that given any x 6 K, there is a representation

11

x : Z “kfiv_ k=1
and hence a representation

X : Z <1l,Xl,
lc:l+1

for the class X 9 .\". Moreover, the classes Xl_. l, . . . , X,, are linearly indepen-
dent. 'In fact, if

v.l+lXl_l -1- ~ ~ ~ -1- a,,X,, : 0 6 K/L

for any al+l, . , a, in K, then, in particular, there would be a relation

”'lY1fl+1 ‘1* " ‘ ‘ '1‘ Vwifn 5 L-

But flll, . . . ,f,, are linearly independent over L (see Sec. 2.44), and hence
<1l+l : - - ~ : an = 0, as required. Thus the n Y l classes X,,,l, . . . ,X,,
form a basis in K/L. It follows from Theorem 2.35 that K/L is of dimension
n — l. I

2.5. Linear Manifolds
2.51. An important way of constructing subspaces is to form the linear

manifold spanned by a given system of vectors. Let x, y, z, . . . be a system
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of vectors of a linear space K. Then by the linear manifold spanned by
x, y, 2, . . . is meant the set of all (finite) linear combinations

<1x+l5)/+YZ+""" (12)
with coetficients 1, {-3, Y, . . . in the field K. It is easily verified that this set has
properties a) and b) of Sec. 2.41. Therefore the linear manifold spanned by a
system x, y, 2, . . . is a subspace of the space K. Obviously, every subspace
containing the vectors x, y, 2, . . . also contains all their linear combinations
(12). Consequently, the linear manifold spanned by the vectors x, y, 2, . . . is
the smallest subspace containing these vectors. The linear manifold spanned
by the vectors x,y, 2,. . . is denoted by L(x,y, 2, . . .).

2.52. Examples

a. The linear manifold spanned by the basis vectors el, e2, . . . , e,, of a
space K is obviously the whole space K.

b. The linear manifold spanned by two (noncollinear) vectors of the
space V0 consists of all the vectors parallel to the plane determined by the
two vectors.

c. The linear manifold spanned by the system of functions 1, t, t2, . . . , tk
of the space K(a, b) (K is R or C) consists of the set of all polynomials in t
of degree no higher than k. The linear manifold spanned by the infinite
system of functions 1, t, t2, . . . consists of all polynomials (of any degree) in
the variable t with coetficients in the field K.

2.53. We now note two simple properties of linear manifolds.

a. LEMMA. If the vectors x’, y’, . . . belong to the linear manifold spanned
by the vectors x, y, . . . , then the linear manifold L(x, y, . . .) contains the
whole linear manifold L(x', y’, . . .).

Proof. Since the vectors x',y', . . . belong to the subspace L(x,y, . . .)
then all their linear combinations, whose totality constitutes the linear
manifold L(x',y', . . .), also belong to the subspace L(x,y, . . .). I

b. LEMMA. Every vector of the system x, y, . . . which is linearly dependent
on the other vectors of the system can be eliminated without clianging the
linear manifold spanned by x, y, . . . .

Proof. If the vector x, say, is linearly dependent on the vectors y, 2, . . . ,
this means that x e L(y, z, . . .). It follows from Lemma 2.53a that

L(x,y, 2, . . .) C L(y, 2, . . .).

On the other hand, obviously

L(y, 2,...) C L(x,y, 2,. ..).
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Together these two relations imply

L(y, 2, . . .) = L(x,y, 2, . . .). I

2.54. We now pose the problem of constructing a basis for a linear
manifold and determining the dimension of a linear manifold In solving this
problem, we will assume that the number of vectors x,y, . . . spanning the
linear manifold L(x, y, . . .) isfinite, although some of our conclusions do not
actually require this assumption.

Suppose that among the vectors x,y, . . . spanning the linear manifold
L(x,y, . . .) we can find r linearly independent vectors xl, x2, . . . , x,, say,
such that every vector of the system x, y, . .. is a linear combination of
xl, x2, . . . , x,. Then the vectors xl, x2, . . . ,x, form a basis for the space
L(x,y, . . .). Indeed, by the very definition of a linear manifold, every
vector 2 e L(x, y, . . .) can be expressed as a linear combination of a finite
number of vectors of the system x, y, . . . . But, by hypothesis, each of these
vectors can be expressed as a linear combination of xl, x2, . . . ,x,. Thus
eventually the vector 2 can also be expressed as a linear combination of the
vectors xl, x2, . . . , x,. This, together with the assumption that the vectors
xl, x2, . . . , x, are linearly independent, shows that xl, x2, . . . , x, indeed
form a basis, as asserted.

According to Theorem 2.35, the dimension of the space L(x,y, . . .) is
equal to the number r. Since there can be no more than r linearly independent
vectors in an r-dimensional space, we can draw the following conclusions:

a. If the number of vectors x,y, . . . spanning L(x,y, . . .) is larger than
the number r, then the vectors x, y, . . . are linearly dependent. If the number
of these vectors equals r, then the vectors are linearly independent.

b. Every set of r + l vectorsfrom the system x, y, . . . is linearly dependent.

c. The dimension of the space L(x, y, . . .) can be defined as the maximum
number of linearly independent vectors in the system x, y, . . . .

2.6. Hyperplanes
2.61. As already noted in Sec. 2.42d, if we adopt the “point” rather

than the “vector” interpretation in the space V0, then the geometric entity
corresponding to the notion of a subspace is a plane (or a straight line)
passing through the origin of coordinates. But it is also desirable to include
in our scheme of things planes and straight lines which do not pass through
the origin of coordinates. Noting that such planes and straight lines are
obtained from planes and straight lines passing through the origin of co-
ordinates by means of a parallel displacement in space, i.e., by a shift, we
are led in a natural way to the following general construction:
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Let L be a subspace of a linear space K, and let x0 6 K be a fixed vector
which in general does not belong to L. Consider the set H of all vectors of
the form

x:x0+y

where the vector y ranges over the whole subspace L. Then H is called a
hyperplane, more specifically, the result ofsliifting the subspace L by tlie vector
x0. We note that in general a hyperplane is itself not a linear space.

2.62. Examples

a. In the space V0 the set of all vectors starting from the origin of co-
ordinates and terminating on a plane Y forms a hyperplane. It is easily
verified that this hyperplane is a subspace if and only if the plane Y passes
through the origin of coordinates.

b. In the space Kn consider the set H consisting of the vectors x :
(El, E2, . . . , E") whose components satisfy the compatible nonhomogeneous
system of linear equations

4711-\'I ‘1* 1712-Y2 ‘1* ' " ' 1 alflxll : bl»

a21X1 ‘1* 4722-"2 1 " " ' '1‘ a21txn = I72, (13)

alrl-X1 ‘1* 47112-"2 ‘1* ‘ ' ' ‘1* aim-Yri : bk,

and the set L consisting of the vectors y I ("r,l, -42, . . . , '/in) whose com-
ponents satisfy the homogeneous system of linear equations with the same
coefiicients:

a11y1 ‘1* l712y2 *1‘ ‘ " " ‘i‘ a1ri}'1i : 0»

H2111 ‘1' 4722)/2 *1‘ ‘ ‘ ‘ "1' a2ri}’n : 0» (13,)

am)/I '1 ai.2)’2 ‘1 ‘ ' ' -1‘ aicrifri : 0-

As we already know from Example 2.42e, the set L is a subspace of the space
Kn. Let x0 : (Elm, Eg”, . . . , Elf”) be a solution of the system (13). Then
the set H is identical with the set of all sums x0 -1- y wherey ranges over the
whole subspace L. In fact, if y : (rll, "/12, . . . , 'rl,l) is a solution of the
system (l3'), then the vector

x = X. +y Y (£59 + T... 55°’ +1.... . . .555" + 1...)
is obviously a solution of the system (13), i.e., belongs to the set H. Con-
versely, if .\" is any vector of the set H, then the difierence y = x — x0
certainly satisfies the system (l3’), i.e., the vector y belongs to the subspace
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L. In view of the definition given above, the set H is a hyperplane, namely
the result of shifting the space L by the vector x0.

2.63. We can assign a dimension to every hyperplane, even if it is not a
subspace, i.e., we consider the dimension of the hyperplane H to be equal to
the dimension of the subspace L from which H was obtained by shifting.
For this definition to be suitable, we must show that the given hyperplane
H can be obtained as a shift of only one subspace. To prove this, suppose H
is both the result of shifting the subspace L by the vector x0 and the result of
shifting the subspace L’ by the vector x0. Then for any 2 6 H we have both
2 = x0 + y where y e L and 2 : x0 + y’ where y’ 6 L’. It follows that L’
is the set of vectors of the form y’ : (x0 — x0) + y where y is an arbitrary
vector in L, i.e., the subspace L’ is the result of shifting the subspace L by
the vector xl = x0 — x0. Clearly xl belongs to the subspace L. In fact, the
zero vector, just like any other element of the space L’, can be represented in
the form xl + yl where yl 6 L (since L’ is the subspace L shifted by the vector
xl). Therefore xl : —yl, so that xl e L, as asserted. But then every vector
y’ e L’ also belongs to the subspace L, since y’ is the sum of a vector xl e L
and a vectory e L. It follows that L’ C L. Because of the complete symmetry
of the hypothesis, we can prove similarly that L C L’. Together with
L’ C L, this implies L : L’, as required.

In what follows, hyperplanm of dimension l will be called straight lines,
and hyperplanes of dimension 2 will be called planes.

2.7. Morphisms of Linear Spaces

2.71. Let co be a rule which assigns to every given vector x’ of a linear
space K’ a vector .\"’ in a linear space K”. Then co is called a morphism (or
linear operator)T if the following two conditions hold:

a) o>(x’ + y’) = o>(x’) + o>(y’) for every x’, y’ e K’;
b) m(<1x’) : <1o>(x’) for every x’ 6 K’ and every <1 e K.

A morphism co mapping the space K’ onto the whole space K” is called an
epimorphism. A morphism co mapping K’ onto part (or all) of K” in a one-
to-one fashion (so that x’ ¢y' implies o>(x’) ¢ m(y’)) is called a mono-
morphism. A morphism co mapping K’ onto all of K” in a one-to-one fashion
(i.e., a morphism which is both an epimorphism and a monomorphism) is
called an isomorphism, and the spaces K’ and K" themselves are said to be
isomorphic (more exactly, K-isomorphic). The usual notation for a morphism
is '

co :K’ Y K".

T More exactly, a iiiorphisiii of K’ inlo K” (or a linear operator mapping K’ into K”).
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2.72. Examples

a. Let L be a subspace of a space K. Then the mapping co which assigns
to every vector x e L the same vector x e K is a morphism of L into K, and
in fact a monomorphism (but not an epimorphism ifL ¢ K). This morphism
is said to embedL in K.

b. Let L be a subspace of a space K, and let K/L be the factor space of K
with respect to L (see Sec. 2.48). Then the mapping co which assigns to every
vector x e K the class X e K/L containing x is a morphism of co into K/L,
and in fact an epimorphism (but not a monomorphism if L ¢ 0). This
morphism co is called the canonical mapping of K onto K/L.

2.73. a. Let the space K’ be n-dimensional with basis el, . . . , e;,, and
choose n arbitrary vectors el, . . . , e’; in K”. With every given vector

/_ n I
x -23:31

=1P2‘

in K’ we associate the vector

o>(x’) = x” =
>1- HI‘/l=

J\“( 2:N>1-=

in K” with the same components El, (k = 1,. . . ,n). Then the mapping
o>(x’) = x" is a morphism of the space K’ into the space K”. In fact, given
any two vectors

X’ = Ziiei. y’ = 2711311
k=1 k=1

in K’, it follows from Theorem 2.33 that

x’ *1‘ Y’ = + '4k)3ii~
l:=1

But

‘°(x’) = Z £11311’ ‘°(y’) : 2'4k3ii
lc=1 k=1

by the definition of the mapping co, and moreover

‘°(x’ *1‘ Y’) : *1‘ 71k)3ii =2€k3ii *1‘ 2711131: : ¢°(x’) *1‘ ‘°(y’)a
k=1 = k=1

so that condition a) of Sec. 2.71 is satisfied. Similarly,
Pr‘ >-

o>(<1x’) = o>(<1é1El,elQ) = o>(g1<1E,,el,)

ri 1|

= 2°l€i¢3ié = “Z2131: : °“°(X')
7,--1 k=1
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for every a€K, so that condition b) is also satisfied. Therefore m is a
morphism of K’ into K", as asserted.

b. Obviously, the morphism m just described is an epimorphism if and
only if every vector x" 6 K" can be represented in the form

Z glcelcia
k=1_

i.e., if and only if K" coincides with the linear manifold spanned by the vectors
ex, . . . , ex.

c. Similarly, our morphism m is a monomorphism if and only if every
pair of vectors

7| 7|

2 gkelii 2 ylkeiiIc=1 k=1
difiering in at least one component (i.e., such that Eh ¢ 11,, for at least one
value of k) are distinct vectors of K". But this is equivalent to linear
independence of the vectors ex, . . . ,ex. Therefore the morphism m is a
monomorphism if and only if the vectors ex, . . . , ex are linearly independent.

d. It follows that the morphism m dmcribed above is an isomorphism if
and only if the vectors ex, . . . , ex are linearly independent and the linear
manifold spanned by them coincides with the whole space K". In other
words, the morphism m is an isomorphism if and only if the vectors ex, . . . , ex
form a basis in the space K".

2.74. THEOREM. Any two n-dimensional spaces K’ and K” (over the same
field K) are K-isomorphic.

Proof. Let ex, . . . , ex be a basis in the space K’ and ex, . . . , ex a basis
in the space K”, and use these two systems of vectors to construct a morphism
m of K’ into K" in the way described in Sec. 2.73a. Then m is an isomorphism,
by Sec. 2.73d. |

2.75. COROLLARY. Every n-dimensional linear space over a field K is
K-isomorphic to the space K,, of Sec. 2.I5b. In particular, every n-dimensional
complex space is C-isomorphic to the space C", and every n-dimensional real
space is R-isomorphic to the space R".

2.76. We now discuss further properties of epimorphisms and mono-
morphisms.

a. Given a morphism o>:K’->K”, consider the set L" of all vectors
m(x’) e K" such that x’ 6 K’. The set L", which is obviously a subspace of
K", is called the range of the morphism co. It is clear that the mapping m
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of K’ into L” is an epimorphism. If the morphism m :K’ —> K" is a monomor-
phism, then the morphism co :K’ —> L” is an isomorphism.

b. Given a morphism o>:K’ —> K", consider the set L’ of all vectors
x’ e K’ such that m(x’) = 0. The set L’, which is obviously a subspace of K’,
is called the null space (or kernel) of the morphism m.

We now construct the factor space K’/L’ (see Sec. 2.48). All the elements
x’ belonging to the same class X’ e K’/L’ are carried by the morphism m into
the same element ofthe space K”. In fact, given two such elements x’ and y’,
we have x’ — y’ = 2’ 6 L’, and hence

<»<x'> — mo’) = we’) = 0. <»<x'> = mo’).
Suppose that with every class X’ GK’/L’ we associate the element x” =
m(x’) e K” where x’ is an arbitrary element ofX’ (as just shown x” is uniquely
determined). Let x” = Q(X’). Then it is easy to see that Q is a morphism
of K’/L’ into K”. Moreover Q is a monomorphism, since it follows from
x’ as Y’, x’ e x’, y’ e Y’ that

Q04’) — Q<Y'> = <»<><'> — mo’) 1 we-' — y’) ¢ 0-
Thus any morphism o>:K’ -> K” generates a monomorphism Q:K’/L’ —> K”.
If the morphism m is an epimorphism, then, obviously, the monomorphism Q
is also an epimorphism, so that the epimorphism o>:K’ —>K” generates an
isomorphism Q:K’/L’ —> K".

We will continue the study of morphisms in Chapter 4.

PROBLEMS

1. Consider the set of vectors in the plane whose initial points are located at the
origin of coordinates and whose final points lie within the first quadrant. Does
this set form a linear space (with the usual operations)?

2. Consider the set of all vectors in the plane with the exception of the vectors
which are parallel to a given straight line. Does this set form a linear space?

3. Consider the set P consisting of the positive real numbers only. We introduce
operations according to the following rules: By the “sum” of two numbers we
mean their product (in the usual sense), and by the “product” of an element
r 6 P and a real number 7. we mean r raised to the power 7. (in the usual sense).
If P a linear space (with these operations)?

4. Show that a criterion for the linear independence of n given vectors in the
space K,, is that the determinant formed from the coordinates of the vectors
does not vanish.

5. Show that the functions t'\, t'*, . . . , t"= are linearly independent in the space
K(a, b), where 0 < a < b and r1, r2, . . . ,rk are distinct real numbers.
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6. The following is known about a system of vectors e1,e2, . . . , e,, in a linear
space K:

a) Every vector x e K has an expansion of the form
x =E1e1 + €2e2 —l- H‘ + E,,e,,;

b) This expansion is unique for some fixed vector x0€K.
Show that the system el, e2, . . . , e,, forms a basis in K.

7. Does there exist a basis in the space P of Problem 3?

8. What is the dimension of the space P of Problem 3 ?

9. Find the intersection and sum of two distinct two-dimensional subspaces of
the space V3 (two distinct planes passing through the origin of coordinates).

10. Prove that if the dimension of the subspace L C K is the same as that of the
space K, then L = K.

11. Is the shift vector x0 figuring in the construction of a hyperplane uniquely
determined by the hyperplane itself?

12. Show that every hyperplane H C K has the following property: If x 6 H,
y eH, then ax + (1 — oc)y e H for every element of the field K. Conversely,
show that if a subset H C K has this property, then H is a hyperplane. What
geometric characteristic of a hyperplane is expressed by this property?

13. The hyperplanes H1 and H2 have dimensions p and q, respectively. What is
the (smallest) dimension which the hyperplane H3 must have in order to be sure
to contain both H1 and H2?

14. Solve the analogous problem for three hyperplanes H1, H2 and H3, with
dimensions p, q and r, respectively.

15. According to Theorem 2.74, the one-dimensional spaces R1 and P (see
Problem 3) are isomorphic. How can one establish this isomorphism in practice?



chapter 3

SYSTEMS OF
LINEAR EQUATIONS

3.l. More on the Rank of a Matrix

3.11. We have already touched upon the subject of matrices several times.
In this section we will study in more detail those properties of matrices which
are connected with the concept of rank (see Sec. 1.9). This will allow us to
give a general solution of the basic problems of the theory of systems of
linear equations, posed in Sec. 1.2.

We begin by recalling some basic definitions from Sec. 1.9. Suppose we
have a matrix

an a12 alk

a21 a22 an

anl am amt

with n rows and k columns, consisting of the numbers an. from the field K,
where i is the row index ranging from l to n andj is the column index ranging
from l to k.‘]' If we choose any m rows and m columns of this matrix, then
the elements which appear at the intersections of these rows and columns

T Sometimes the indices of an element of the matrix A will be written differently, i.e.,
sometimes we will denote the element appearing in the ith row andjth column ofA by the
symbol a§.

58
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form a square matrix of order m. The determinant of this matrix is called
a minor oforder m ofthe matrix A. The integer m is said to be the rank ofthe
matrix A if A has a nonvanishing minor of order r and all its minors of order
r + l and higher vanish. lf the matrix A has rank r > 0, then each of its
nonvanishing minors of order r is called a basis minor. The columns and
rows of the matrix which intersect at the elements of the basis minor are
called the basis columns and basis rows.

The considerations that follow are based on the possibility of regarding
any column of numbers as a geometric object, i.e., as a vector in the n-
dimensional space Kn of Sec. 2.l5b. With this geometric interpretation, the
matrix A itself corresponds to a certain set of k vectors of the space Kn.
Let x,- (j = l, . . . , k) denote the vector corresponding to the jth column of
A. Then any linear relation between the columns of A can be interpreted as the
same linear relation between the corresponding vectors (see Sec. 2.22b).

Let L(x1,x2, . . . , xk) be the linear manifold spanned by the vectors
xl, x2, . . . , xk of Kn (see Sec. 2.51). We now prove that the vectors corre-
sponding to the basis columns of the matrix A form a basis for this linear
manifold. To be explicit, suppose that the first r columns of A are basis
columns. Then, to prove our assertion, it suflices to show first that the
vectors xl, x2, . . . , x, are linearly independent, and secondly that any of
the other vectors x,+1, . . . , xn is a linear combination of the first r vectors
(see Sec. 2.54). To prove the first assertion, suppose that the vectors xl, x2,
. . . , x, are linearly dependent, or equivalently, that the first r columns of A
are linearly dependent. Then, by Theorem 1.96, any determinant of order r
constructed from these columns and any r rows of A would vanish. In
particular, the basis minor of A would vanish, contrary to its very definition.
This contradiction establishes the first assertion. The second assertion, as
applied to columns of the matrix A, has already been proved in Sec. 1.93
under the guise of the “basis minor theorem.” This completes the proof
that the vectors xl, x2, . . . , x, form a basis for the space L(x,, x2, . . . , xk).
According to Theorem 2.35, the dimension of this space equals the number
r, i.e., the rank of the matrix A. Thus we have established the following
important

THEOREM. The dimension of the linear manifold spanned by the vectors
corresponding to the columns of the matrix A equals the rank of A. Moreover,
the vectors corresponding to the basis columns of A form a basis for this
linear manifold.

3.12. The following propositions are obvious consequences of conclusions
a)—c) of Sec. 2.54:

a. THEOREM. If the rank of the matrix A is less than the number of columns
in A (r < k), then the columns of A are linearly dependent. If the rank of A
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equals the number of columns in A (r : k), then the columns of A are linearly
independent.

b. THEOREM. Any r + 1 columns of the matrix A are linearly dependent.

c. THEOREM. The rank of any matrix A equals the maximum number of
linearly independent columns in A.

This last theorem is of fundamental importance, since it constitutes a
new definition of the rank of a matrix.

3.13. Suppose we transpose the matrix A, i.e., suppose we go over to the
matrix A’ whose rows are the columns of A (cf. Sec. 1.41). Clearly, the rank
of the transposed matrix A’ is the same as the rank of A. But according to
Theorem 3.l2c, the rank of A’ equals the maximum number of linearly
independent columns in A’, or equivalently, the maximum number of
linearly independent rows in A. Thus we arrive at the following somewhat
unexpected conclusion:

THEOREM. The maximum number of linearly independent rows in a matrix
A is the same as the maximum number of linearly independent columns in A.

We note that this theorem is not trivial. In fact, any direct proof of the
theorem would require a chain of reasoning equivalent to the proof of
Theorems 1.93 and 3.11.

3.14. Finally we note the following result, which is a consequence of
Theorem 3.11 and Lemma 2.53b:

THEOREM. Any column of the matrix A which is a linear combination of
the other columns can be deleted without changing the rank of A.

3.2. Nontrivial Compatibility of a Homogeneous Linear System

3.21. Suppose we have a homogeneous linear system

a11x1 + a12x2 + ' ' ' + alnxn : or

a21x1 + a22x2 + ' ' ' + azn-‘(ii : Oi (2)

aklxl -l‘ ai,-2X2 -l‘ ' ' ' + aknxn : 0-

As we know, this system is always compatible, since it has the trivial solution

x1=x2=---=x,,=0.
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The basic problem encountered in studying homogeneous linear systems is
the following: Under what conditions is a homogeneous li'near system “non-
trivially compatible,” i.e., under what conditions does such a system have
solutions other than the trivial solution? The results of Sec. 3.1 allow us to
solve this problem immediately. In fact, as we have seen in Sec. 2.22b, the
existence of a nontrivial solution of the system (2) is equivalent to the
columns of the matrix

an a12 ' ' ' am

a a ' ' ' aA : 21 22 2n

akl. an akn

being linearly dependent. But, according to Theorem 3.l2a, this occurs if
and only if the rank of the matrix A is less than the number of columns in A.
Thus we obtain the following

THEOREM. The system (2) is nontrivially compatible, i.e., has nontrivial
solutions if and only if the rank of the matrix A is less than n. If the rank of
the matrix A equals n, the system (2) has no nontrivial solutions.

3.22. In particular, if the number of equations in the system (2) is less
than the number of unknowns (k < n), the rank of the matrix A is certainly
less than n, and in this case nontrivial solutions always exist. If k = n, the
question of whether or not nontrivial solutions exist depends on the value
of det A. If detA ¢ 0, there are no nontrivial solutions (r : n), while if
detA : 0, there are nontrivial solutions (r < n). If k > n, we have to
examine all possible determinants of order n which are obtained by fixing
any n rows of the matrix A. If all these determinants vanish, then r < n and
nontrivial solutions exist. If at least one ofthese determinants is nonvanishing,
then r = n and there is only the trivial solution.

3.3. The Compatibility Condition for a General Linear System

3.31. Suppose we have a general (i.e., nonhomogeneous) system of
linear equations

a11x1 -l‘ a12x2 -l‘ ' ' ' -l‘ alrlxn : bl,

a21x1 -l‘ azzxe -l‘ ' ' ' -l‘ a27Lx7l : I72, (3)

aklxl + a1r2x2 -l‘ ' ' ' -l‘ aknxn : bk-
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With this system we associate two matrices, the matrix

a11 a12 aln

a21 a22 a2»A = ,

akl ak2 akn

called the coeflicient matrix of tlie system (3), and the matrix

a11 a12 ' ' ' a1" a1

a21 a22 ' ' ' a2 a2
A1 : 7’ 9

akl au2 akn bk

called the augmented matrix of the system (3). Regarding the compatibility
of the system (3), we then have the following basic

THEOREM (Kronecker-Capelli). The system (3) is compatible if and only
if the rank of the augmented matrix of the system equals the rank of the
coeflicient matrix.

Proof. Assume first that the system (3) is compatible. Then if cl, c2, . . . ,
c,, is a solution of the system, we have the equations

ai.1¢'1 + a12¢'2 ‘l‘ ' ' ' ‘l‘ alflcfl : bl:

a21c1 -l‘ a22c2 -l‘ ' ' ' -l‘ a2ncn = a2,

aklcl + ak2c2 + ' ' ' -l‘ alcncn = ak-

These equations imply that the last column of A1 is a linear combination of
the other columns of A1 (with coeflicients cl, c2, . . . , cn). By Theorem 3.14,
we can delete the last column of A1 without changing its rank. But when
the last column of A1 is deleted, it becomes just A. Hence if the system (3)
is compatible, the matrices A and A1 have the same rank.

We now assume that the matrices A and A1 have the same rank, and show
that the system (3) is compatible. Let r be the rank of the matrix A (and
consequently also of the matrix A1). Consider r basis columns of A; they
will also be basis columns of A1. By Theorem 1.93, the last column of A1
can be written as a linear combination of the basis columns, and hence
it can be written as a linear combination of all the columns of A. If we
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denote the coefiicients of this linear combination by cl, c2, . . . , cn, we find
that the equations

a11c1 -l‘ a12c2 -l‘ ' ' ' -l‘ alncn : bl»

a21c1 -l‘ a22c2 -l‘ ' ' ' + a2ncn : az»

aklcl -l‘ ak2c2 + ' ' ' + akncn : bk

are satisfied. Thus the values

x1:c1ax2:c2r---axnzcn

satisfy the system (3), which is therefore compatible. I

3.4. The General Solution ofa Linear System

3.41. The Kronecker—Capelli theorem, which gives the general condition
for the compatibility of a linear system, does not give a method for solving
the system. We now derive a formula which constitutes a general solution
of a linear system.

By a general solution of the system (3) we mean a set of expressions

xJ':.fi(a119-'~>aknab1a~~-abkrqls--->qs) l!"'7n)7

where the right-hand sides are functions depending on the coefiicients a,.,» of
the system (3), the constant terms b,» of (3) and certain undetermined
parameters ql, . . . ,q,, such that

1) The quantities x,- = c, (j = 1, . . . , n) obtained for arbitrary fixed
values of the parameters q,, . . . ,qj. (from the field K) constitute a solution
of the system (3);

2) Any given solution of the system (3) can be obtained in this way by
suitably choosing the values of the parameters ql, . . . , q, in K.

As shown in Sec. 2.62b, the set of all sums of the form x0 + y, where x0 is
any (“particular”) solution of the system (3) and y ranges over the set of
all solutions of the corresponding homogeneous system, is just the set of
all solutions of (3). This fact can now be expressed as follows: The general
solution of the nonhomogeneous system (3) is the sum of any particular
solution of (3) and the general solution of the corresponding homogeneous
system (2).

Suppose we have a compatible linear system (3) with a coeflicient matrix
A = ||a,»,-l| of rank r. It can be assumed that the basis minor M of the matrix
A appears in its upper left-hand corner; otherwise, we can achieve this
configuration by interchanging rows and columns of A, which corresponds
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to renumbering some of the equations andunknowns in the system (3). We
take the first r equations of the system (3) and rewrite them in the form

allxl + a12x2 T ' ' ' 1'" alrxr : at ”' a1,1+1xr+1 T ' ' ' * alnxns

a21x1 + a22-E2 'i‘ ' ' ' TI“ a2rxr : b2 * a2,r+1x,-+1 * ' ' ' # a2nxn1 (4)

arlxl “II ar2x2 + I I I + arrxr Z br T ar,r+lxr+l TI I I I T arnxrr

Next we assign the unknowns x,+1, . .. ,x,, completely arbitrary values
c,+1, . . . , cn. Then (4) becomes a system of r equations in the r unknowns
xl, x2, . . . , x,, with a determinant M which is nonvanishing (a basis minor
of the matrix A). This system can be solved by using Cramer’s rule (see
Sec. 1.73). Hence there exist numbers cl, c2, . . . , c,, which, when substituted
for the unknowns xl, x2, . . . , xn of the system (4), reduce all the equations
of the system to identities. We now show that these values cl, c2, . . . , cn
satisfy all the other equations of the system (3) as well.

The first r rows of the augmented matrix A1 of the system (3) are basis
rows of this matrix, since by the compatibility condition, the rank of the
augmented matrix is r, while by construction, the nonvanishing minor M
appears in the first r rows of A1. By Theorem 1.93 (applied to rows), each
of the last n ~ r rows of A1 is a linear combination of the first r rows. This
means that every equation of the system (3) beginning with the (r + l)st
equation is a linear combination of the first r equations of the system.
Therefore, if the values

x1=c1,...,.\',,=c,,

satisfy the first r equations of the system (3), they also satisfy all the other
equations of (3).

3.42. To write an explicit formula for the solution of the system (3) just
constructed, let M,~(<x,-) denote the determinant obtained from the basis minor

Mzdetllaijll (1Ia_]I::la2s-~~sr)

by replacing its jth column by the column consisting of the quantities
oil, <12, . . . , ot,. Then, using Cramer’s rule to write the‘solution of the
system (4), we obtain

1
‘Ii : M Mi(bi * ai.r+lcr+1 T I I I T aillcn)

: -1%, iM.(b.> — c...M.(a.....> - - - - — c,M.-(a..>i (1 = 1. 2. -- -.r>.
<5)



sEc. 3.5 GEOMETRIC PROPERTIES or THE SOLUTION SPACE 65

These formulas express the values of the unknowns x,- = c,~ (j = 1, 2, . . . , r)
in terms of the coefficients of the system, the constant terms and the arbitrary
quantities (parameters)

Cr-1-1: Cr-I-21 - - - 7 cu‘

Finally, we show that (5) comprises any solution of the system (3). In fact,
let cf”, cg”, . . . , cf”, cjfjl, . . . , cx” be an arbitrary solution of the system (3).
Obviously, it is also a solution of the system (4). But, using Cramer’s rule
to solve the system (4), we obtain unique expressions for the quantities
cf’), cg”, . . . , c§°’ in terms ofthe quantities cjfilll, . . . , cx”, namely theformulas
(5). Thus, choosing

cr+1 : 5:21, - - - 1 C7! : Che)

in (5), we get just the solution cf”, cg”, . . . , cx”, as asserted. Thus (5) is the
general solution of the system (3).

3.5. Geometric Properties of the Solution Space

3.51. Consider first the case of the homogeneous linear system (2). As
we have already seen (Sec. 2.42e), the set of all solutions of this system forms
a linear “solution space,” which we denote by L. We now calculate the
dimension of L and construct a basis for L.

For a homogeneous system, the equations (5) become

—MCi : cr+1Mj(ai,r+1) -l" ' ' ' + cnMi(ain) = I, 2, - - - , 7), (6)

since M,-(bi) = M,-(0) = 0. With every solution cl, c2, . . . , c,, c,+1, . . . , c,,
of the system (2) we associate a vector (c,+1, . . . , c,,) of the space K,,_, (see
Sec. 2.l5b). Since the numbers c,.1,. .. , cn can be chosen arbitrarily and
since they uniquely define a solution of the system (2), the correspondence
between the space of solutions of the system (2) and the space K,,_, is one-to-
one. This correspondence is an isomorphism, since it preserves linear
operations, as is easily verified. Thus the space L of solutions of a homo-
geneous system of linear equations in n unknowns with a coeflicient matrix of
rank r is isomorphic to the space K,,_,. In particular, the dimension of the
space L is n ‘ r.

3.52. Any system of n — r linearly independent solutions of a homo-
geneous linear system of equations (which, by Theorem 2.34, forms a basis
in the space of all solutions) is called a fundamental system of solutions. To
construct a fundamental system of solutions, we can use any basis of the
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space K,,_,. Then, because of the isomorphism, the corresponding solutions
of the system (2) will form a basis in the space of all solutions of the system.
The simplest basis of the space K,,_,, consists of the vectors

91:030.---,0),

e2:(0als---yo)’

@,,_,=(0,o,...,1)
(see Sec. 2.32c). For example, to obtain the solution of the system (2)
corresponding to the vector el, we set c,+1 = 1, c,+2 = - - - = c,, = 0 in the
formulas (6) and determine the corresponding values

c,.=cx.” (i=1,2,...,n).

Similarly, we construct the solution corresponding to any other basis vector
e,- (j = 2, . . . , n — r). The set of solutions of the system (2) constructed
in this way is called a normal fundamental system of solutions. If we denote
these solutions by x“), x‘2l, . . . , x‘"_’>, then by the definition of a basis, any
solution x is given by the formula

X = <=<rx“> + <=<2x‘2’ + - - - + <><,.-.X"‘”’>- (7)
Since any solution of the system (2) is a special case of (7), this formula
gives the general solution of (2).

3.53. Consider now the general case of a nonhomogeneous system (3).
As shown in Sec. 2.62b, the geometric object H corresponding to the set of
all solutions ofa nonhomogeneous system is a hyperplane in the n-dimensional
space Kn. This hyperplane is obtained by shifting the subspace L of all
solutions of the corresponding homogeneous system (L has been shown to be
isomorphic to the space K,,_,) by a vector x0 which is an arbitrary particular
solution of the nonhomogeneous system. From this we conclude that the
dimension of the hyperplane H is the same as the dimension of the subspace
L. Moreover, if r is the rank of the coefi‘icient matrix of the system (3), then
any vector y of the subspace L can be represented as a sum

y = alylli + %y(2> + . . . + %_ry(~-r)’

where y‘1l,y‘2l, . . . ,y”‘C'> are basis vectors of the space L (a fundamental
system of solutions). Consequently, any vector x of the hyperplane H can be
represented as a sum

x = x. + y = x. + <=<.y"> + <=<.y<2’ + - - - + <=<.._.y‘":"-
In the language appropriate to solutions of the systems (2) and (3), this
agrees with the prescription established in Sec. 3.41, i.e., the general solution
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of the nonhomogeneous system (3) is the sum of any particular solution of (3)
and the general solution of the corresponding homogeneous system (2).

3.6. Methods for Calculating the Rank of a Matrix

3.61. To make practical use of the methods for solving systems of linear
equations developed in the preceding sections, one must be able to calculate
the rank of a matrix and find its basis minor. Obviously, the definition of
the rank of a matrix given in Sec. 1.92 cannot serve per se as a reasonable
practical means of calculating the rank. For example, a square matrix of
order five contains one minor of order five, 25 minors of order four, 100
minors of order three, and 100 minors of order two. Clearly, it would be a
very laborious task to find the rank of such a matrix by direct calculation of
all its minors. In this section, we will give simple methods for calculating
the rank of a matrix and determining its basis minor. These methods are
based on a study of certain operations on rows and columns of a matrix
which do not change its rank; these operations will be called elementary
operations. Since, as already noted, the rank of a matrix does not change
when it is transposed, we will define these operations only for the columns
of a matrix. In keeping with this, our proofs will make use of the geometric
interpretation of a matrix with n rows and k columns as the matrix formed
from the components of a system of k vectors xl, x2, . . . ,x,, in the n-
dimensional (real) space Rn. We will also make use of Theorem 3.11, which
asserts that the rank of this matrix equals the dimension of the linear manifold
spanned by the vectors xl, x2, . . . , xk.

We now study the following elementary operations:

a. Permutation of columns. Suppose the columns of the matrix A are
permuted in any way. This operation does not change the rank of A. In fact,
the dimension of the linear manifold spanned by the vectors xl, x2, . . . , xk
does not depend on the order in which they are written, and hence the rank
of the matrix does not depend on the order of its columns.

b. Dividing out a nonzero common factor of the elements of a column.
Suppose the number A ¢ 0 being divided out is a common factor of the
elements of the first column of the matrix A. This operation is equivalent
to replacing the system of vectors 71x1, x2, . . . , xk by the system xl, x2, . . . ,
xk. But obviously the linear manifolds spanned by these two systems have
the same dimension (since the linear manifolds themselves are the same).
Therefore the rank of the matrix A does not change as a result of this elemen-
tary operation.

c. Adding an arbitrary multiple of one column to another column. Suppose
we multiply the mth column of the matrix A by the number A and add it to
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the jth column. This means that the system of vectors xl, . . . , x,~, . . . , xm,
. . . , xk has been replaced by the system

x17"'7xj+)\xm7"'7xm7"'7'Xk'

We have to show that the linear manifolds L1 and L2 spanned by these two
systems are the same. ln the first place, all the vectors of the second system
lie in the linear manifold spanned by the vectors of the first system. Hence,
by Lemma 2.53a, we have L2 C L1. On the other hand, the equation

x. = <x.- + M...) -
shows that the vector x, lies in the linear manifold spanned by the vectors of
the second system. Since all the other vectors of the first system obviously
belong to this linear manifold, we have L1 C L2. It follows that L1 : L2.
Therefore the rank of A does not change as a result of this elementary
operation.

d. Deletion of a column consisting entirely of zeros. A column consisting
entirely of zeros corresponds to the zero vector of the space Rn. Obviously,
eliminating the zero vector from the system xl, x2, . . . , xk does not change
the linear manifold L(x1, x2, . . . , xk) and hence does not change the rank
of the matrix A.

e. Deletion of a column which is a linear combination of the other columns.
The legitimacy of this elementary operation was proved in Theorem 3.14.

3.62. Calculation of the rank of a matrix and determination of a basis
minor. We now show how to calculate the rank and find a basis minor of a
given matrix A by using the elementary operations just enumerated. If the
matrix A consists only of zeros, then its rank is obviously zero. Suppose A
contains a nonzero element. Then, by suitably permuting the rows and
columns, we can bring this element over to the upper left-hand corner of the
matrix. Then, subtracting from every column the first column multiplied
by a suitable coefiicient, we can make all the other elements of the first row
vanish. We shall make no further changes in the first row and first column
(except for the rearrangements described below). lf there are no nonzero
elements among the remaining elements (i.e., the elements which do not
belong to the first row and the first column), then the rank of the matrix A
is obviously 1. If there is a nonzero element among the remaining elements,
then by suitably rearranging rows and columns, we can bring this element
over to the intersection of the second row and the second column and then
make all the elements following it in the second row vanish, just as before.
(We note that these operations do not afiect the first row and the first column.)
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Continuing in this fashion, and assuming that the number of columns in A
does not exceed the number of rows in A (this can always be achieved by
transposition), we reduce A to one of the following two forms:

0&1 0 0--00---0
C21 <12 0--00---0
r,, c32 I13" 0 0---0

A1 =
ckl ck2 ck3 ' ' air 0 ' ' ' 0

clc+l_1 ¢i.+1.: clC+1.3 "' ck+1.k 0 "' 0

c,,1 c,,2 c,,3 - c,,,, 0 0

or

ix, 0 0 - - 0

c21 <12 0 - - 0

can C32 as ' ' 0

A2: _ _ _ __ _

cml cm2 cm3 am

cnl ch? cn3 I I I chm

Here the numbers oil, a2, etc. are nonzero. In the first case, the rank of
A1 equals k and its basis minor (in the transformed matrix) stands in the
upper left-hand corner. In the second case, the rank of A2 equals m (the
number of columns) and its basis minor (in the transformed matrix) appears
in the first m rows. This determines the rank of A. The location of the
basis minor of A is easily found by following back in reverse order all the
operations performed on A.
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As an example, consider the following matrix with five columns and six
rows:

1 2 6 -2 -1

-2 -1 0 -5 -1

3 1 -1 8 1

-1 0 2 -4 -1

-1 -2 -7 3 2

-2 -2 -5 -1 1

A = .

There is one zero in the second row of A; by using the general method
described above, we can produce three more zeros in this row. However,
for convenience, we first interchange the first and second rows. Then,
interchanging the first and second columns (so that an element -1 with
the smallest nonzero absolute value again appears in the upper left-hand
corner), we obtain‘l'

-2 -1 0 -5 -1 -1 -2 0 -5 -1
1 2 6 -2 -1 2 1 6 -2 -1
3 1 -1 8 1 1 3 -1 8 1

Ar\4 r\/

-1 0 2 -4 -1 0 -1 2 -4 -1
-1 -2 -7 3 2 -2 -1 -7 3 2
-2 -2 -5 -1 1 -2 -2 -5 -1 1

To obtain three more zeros in the first row, we multiply the first column by
2, 5, and 1, and subtract the results from the second, fourth, and fifth
columns, respectively. This gives

-1 0 0 0 0
2 -3 6 -12 -3
1 1 -1 3 0A~ .0 -1 2 -4 -1

-2 3 -7 13 4
-2 2 -5 9 3

The simplest thing to do next is to produce additional zeros in the third
row. First we interchange this row with the second row. Then we multiply

T Here the symbol ~ written between two matrices means that they have the same rank.
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the second column by 1 and -3 and add the results to the third and fourth
columns, respectively. Thus we have

-1 0 0 0 0 -1 0 0 0 0
1 1 -1 3 0 1 1 0 0 0
2 -3 6 -12 -3 2 -3 3 -3 -3A~ ~ -2,.0 -1 2 -4 -1 0 -1 1 -1 -1

-2 3 -7 13 4 -2 3 -4 4 4
-2 2 -5 9 3 -2 2 -3 3 3

The fourth and fifth columns of the matrix A1 are proportional to the third
column and can be deleted. The matrix which is left obviously has rank 3,
so that the original matrix A also has rank 3. Moreover, A1 has a basis
minor in its first three rows and first three columns. By reversing the suc-
cessive transformations which led from A to A1, we can easily verify that
none of the transformations which were carried out has any efiect on the
absolute value of this minor. Therefore the minor appearing in the first
three rows and the first three columns of the original matrix is also a basis
minor.

PROBLEMS
1. Prove the following theorem: A necessary and sufiicient condition for a
matrix |la,»,-|| of ordermto have rankr < 1 isthat there exist numbersal, a2, . . . ,
a,,, and bl, b2, . . . , b,,, such that

an'=a¢bi ('I,]I:1,2,---,m)-

2. Let x1,x2, . . . ,x,, be k linearly independent vectors in an n-dimensional
space K,,, and let A = ||a§.">1| be the matrix made up of the components ofthe
vectors xl, x2, . . . , xk with respect to some basis el, e2, . . . , e,,. Show that the
linear manifold L(x1, x2, . . . , xk) is uniquely determined, provided one knows
the values of all the minors of A of order k.

3. Show that when k = n, the system (2), p. 60 has the solution

¢'1=Ai1i¢'2=A¢2i---,9»:-4m (l<'I<"),

where A,~,~ is the cofactor of the element a,,- (i fixed), provided that the rank of
the matrix A is less than n.

4. Solve the system of equations

x1+x2+x3+x4+x5=7,
3x1 +2x2+x3+x4 —3x5: -2,

x2 + 2x3 + 2x4 + 6x5 : 23,

5x1 + 4x2 + 3x3 + 3x4 — x5 :12.
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5. Study the solutions of the system
Ax + y + z = 1,
x + Ky + z = 7.,
x + y + 7.2 = 7.2

as a function of 7..

6. What is the condition for the three straight lines
a1x+b1y+c1=O, a2x+b2y+c2=O, a3x+b3y+c3=0

to pass through one point?

7. What is the condition for the n straight lines

a1x+b1y+c1=O, a2x+b2y+c2=O,...,a,,x+b,,y+c,,=O

to pass through one point?

8. Find the normal fundamental system of solutions for the system of equations

x1+x2+x3+x4+x5=
3x1+2x2+x3+x4-3x5=

x2+2x3+2x4+6x5=
5x1+4x2+3x3+3x4-x5: 9.°.°.°

9. Write down the general solution of the system given in Problem 4, using the
normal fundamental system of solutions of the corresponding homogeneous
system (found in Problem 8).

10. Determine the rank and basis minor of the following matrices:

1 -2 3 -1 —.1 -2 1 O 1 O O

2 -I 1 O -2 -2 1 1 O O O

A1 I -2 -5 8 -4 3 -1 , A2 = O 1 1 O O .

6 O -1 2 -7 -5 O O 1 1 O

-1-11-121 01011
11. Suppose the matrix A has a nonvanishing minor M of order r, while every
minor of order r + 1 containing all the elements of M vanishes. Prove that A
has rank r.

12. Construct a matrix
an a12 a13A :
a21 a22 a23

such that the minors

an a12 an ala a12 aia= P, 1 Q, : R
a21 a22 a21 a23 a22 a23

have the indicated values P, Q and R.

CHAP. 3
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13. For the system of equations

7!

2a,kxk:b, (j=1,...,n) (8)
k=1

with a square coefiicient matrix, prove “Fredholm’s alternative,” which asserts
that (8) either has a unique solution for arbitrary bl, . . . , b,, or else the corre-
sponding homogeneous system

Za,-kxk:O (j:1,...,n)
>.' 1-

has a nontriw'al solution.
14. Prove that the system of equations

allxl '5' ' " ‘l‘ alnxn : bl:

an1x1+ I I I + armxn = bns

am-1,1x1 "I" "' + a'n+1,nxn : bn-1-la

subject to the condition

an I I I am
- - ' -'5 O,

anl I I I arm

is solvable if and only if

an ' am bl

= 0.
anl I arm bn

an+1,1 "' an+1,n bn-l-1

15 (Elimination of unknowns). Prove that the system

aux: '5' ' ' ' '1‘ alnxn I bllyl + " ' '5 blkyl; ‘F C1’

alllxl II’ armxn : bnlyl + I I I ‘I7 bnkyk + cm

an+1_1x1 + " ' + a1l+l,flxn I bn+1_1}’1 + " ' + bn+l,kyk + ¢‘n+1
containing the parameters yl, . . . , yk, subject to the condition

an ' ' I ant
' ' ' # O

anl I I I arm
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is solvable if and only if the parameters yl, . . . , yk satisfy the equation

an ' ' ' am an an ' ' am blk

1. . . . + k
yl anl I arm bln y aril I arm brtk

an+1_1 ar1+l,l bn+1,1 an+1,1 am-1,11 am-1,1:

an am C1

+ =
anl arm an

art+l,l ' ' ' ar1+1.ri ‘In+1

0.



chapter 4

LINEAR FUNCTIONS
OF A VECTOR
ARGUMENT

In courses on mathematical analysis one studies functions of one or more
real variables. Such functions can be regarded as functions of a vector
argument. For example, a function of three variables can be regarded as a
function whose argument is a vector of the space V3. This suggests studying
functions whose arguments are vectors from an arbitrary linear space. In
making this study, we will for the time being restrict ourselves to the simplest
functions of this kind, namely linear functions. We will study both linear
numerical functions of a vector argument, i.e., functions whose values are
numbers, and linear vector functions of a vector argument, i.e., functions
whose values are vectors. Linear vector functions, otherwise known as
linear operators, are of great importance in linear algebra and its applications.

4.l. Linear Forms
4.11. A numerical function L(x) of a vector argument x, defined on a

linear space K over a number field K, is called a linearform if it satisfies the
following conditions:

a) L(x + y) : L(x) + L(y) for every x, y e K;
b) L(otx) : aL(x) for every x e K and every at e K.

In other words, a linear form L(x) is a morphism of the linear space K into
the one-dimensional space K1 : K (cf. Sec. 2.71). By using induction, we
easily verify that conditions a) and b) imply the formula

L(°‘1x1 + ' ' ' ‘I7 akxk) : °@1L(x1) -I‘ ' ' ' + a'kL(xk)9 (1)

75
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where xl, . . . , xk are arbitrary vectors in K and oil, . . . , v.2 are arbitrary
numbers in K.

4.12. Examples

a. Suppose a basis is chosen in an n-dimensional space K, so that every
vector XEK can be specified by its components Z1, Z2, . . . , Z”. Then
L(x) = Z1 (the first component) is obviously a linear form in x.

b. A more general linear form in the same space is given by the expression

L(x) : Zllcgka
k=1

with arbitrary fixed coefiicients ll, l2, . . . , l,,.

c. An example ofa linear form in the space K(a, b) (where K is R or C)‘l'
is the expression

L(x) = X00).
where to is a fixed point of the interval a < t < b.

d. In the same space we can study the linear form

I)

L(x) :JI l(t)x(t) dt,

where l(t) is a fixed continuous function.

e. In the space V3 the scalar product (x, x3) of the vector x with a fixed
vector x3 e V3 is a linear form in x.

Linear forms defined on infinite-dimensional spaces are usually called
linear functionals.

4.13. We now find the general representation of a linear form L(x)
defined on an n-dimensional space K,,. Let el, e2, . . . , en be an arbitrary
basis of the space K,,, and denote the quantity L(e,,) by lk (k = 1, 2, . . . , n).
Then, by (1), given any

71

x : zlkek,
lc=1

we have

L(x) : Lxglgkek) :g1€uL(ek) :kg1li¢€i.-3

i.e., the value of the linear form L(x) is a linear combination of the com-
ponents of the vector x, with the fixed coefiicients ll, l2, . . . , l,,. Thus the

T Recall Secs. 2.15c and 2.15d.
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most general representation of a linear form in an n-dimensional linear space
has already been encountered in Example 4.12b.

4.14. In a complex linear space C we can also consider another type of
linear form, called a linear form of the second kind (in this context, the
linear form defined in Sec. 4.11 is called a linear form of the first kind). A
numerical function L(x) of a vector argument x, defined on a complex linear
space C, is called a linear form of the second kind if it satisfies the following
two conditions:

a’) L(x + y) = L(x) + L(y) for every x, y e C;
b’) L(otx) : &L(x) for every x e C and every complex number at = ix, +

iot2 (here ii : ix, - iot2 is the complex conjugate of at).

For a linear form of the second kind, the analogue of formula (1) becomes

L(ot1x1 -1- - - - -1- otkxk) : 6't1L(x1) —l— - - - —l— EtkL(xk), (l’)

valid for arbitrary xl, . . . , xk in C and arbitrary complex numbers oil, . . . , oak.

4.15. An example ofa linear form of the second kind in an n-dimensional
complex space C” with basis el, . . . , en is given by the function

L(x) =
where ll, . . . , l,, are arbitrary fixed complex numbers and Z1, . . . , in are
the components of the vector x with respect to the basis el, . . . , en. More-
over, this formula gives the general representation of a linear form of the
second kind defined on the space C”. In fact, let L(x) be an arbitrary linear
form of the second kind, and let ll = L(e,), . . . ,l,, : L(e,,). Then, given
any x e C,,, it follows from (1') that

L(x) : Lxkfilgireir) =I§lEkL(ek) Zkfilliréiu

as required. I I

4.2. Linear Operators
4.21. As just shown, a linear form L(x) defined on a linear space K is

just a morphism of K into the one-dimensional space K1. More generally,
we now consider a morphism A : A(x) of a linear space X into another linear
space Y over the same field K (X and Y may coincide). As already noted in
Sec. 2.71, A(x) is also called a linear operator, mapping X into Y. Instead of
A(x), we will often write simply Ax. By the definition of a morphism, A(x)
satisfies the following conditions:

a) A(x + y) : Ax + Ay for every x, y e X;
b) A(otx) = <xAx for every x e X and every at 6 K.



78 LINEAR FUNCTIONS OF A VECTOR ARGUMENT CHAP. 4

Just as for linear forms, conditions a) and b) imply the more general formula

A(°‘1x1 + ' ' ' + auxk) : °‘1Ax1 rl" ' ' ' -I‘ ai¢Axi¢

for arbitrary xl, . . . , xk in X and arbitrary oil, . . . , ak in K.

4.22. Examples

a. The operator‘l' associating the zero vector of the space Y with every
vector x of the space X is obviously a linear operator. This operator is
called the zero operator, denoted by 0.

b. Given any linear operator A mapping the space X into the space Y,
let

Bx : -Ax.

It is easy to see that the operator B so defined is also a linear operator
mapping X into Y. This operator is called the negative of the operator A.

c. Let el, . . . , en be a basis in the space X, and let vectorsfl, . . . ,f,, in
the space Y be associated with the vectors el, . . . , en in an arbitrary way.
Then there exists a unique linear operator A mapping X into Y and carrying
every vector ek into the corresponding vectorfk (k : 1, . . . ,n). In fact, if
such an operator A exists, then, given any vector

X : 2 ikek E X, (2)
k=l

we have

Ax : A<§lZ,,e,,) =,§lZ,,Ae,, :,§lZ,,f,,,

thereby proving the uniqueness of A. On the other hand, given any vector
(2), we can set

Ax : filgkfki

by definition. The resulting operator, as is easily verified, is linear, maps X
into Y, and at the same time carries every vector ek into the corresponding
vectorfi, (k : 1, . . . ,n).

d. Suppose that with every vector x of the space X we associate the same
vector x, thereby obtaining a linear operator E, mapping X into itself. Then
E is called the identity operator or unit operator.

4.23. Matrix representation of linear operators. Let A be a linear operator
mapping a space X of dimension n into a space Y of dimension m. Let

1' Here we use the term operator as a synonym for function (mapping one linear space
into another).
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e1, . .. ,e,, be a fixed basis in X and f,, . . . ,f,,, a fixed basis in Y, The
vector e1 is mapped by A into some vector Ae, of the space Y, which, like
every vector of Y, has an expansion

Aer = aiI)f1 'i' alanfz 'i' ' ' ' ‘L a(7y1|,),fI71|,

with respect to the basis vectors f,, . . . ,f,,,. The operator A has a similar
efi‘ect on the other basis vectors:

A32 = aiIIf1 'i' aI2IIf2 'i' ‘ ' ' 'i' a‘.§.’f,,,.

Ae. = al"’f. + a§"’f. + - - - + Mb‘..-
These formulas can be written more concisely as

Yll

Ae,-=§a§"f, (j=l,2,...,n). (3)
(=1

The coefiicients ax” (i = 1, . . . ,m;j : 1, . . . , n) define an m >< n matrix‘]'

aim apt . . . apt»

apt age» . . . apt»
A = A(e.f) = ,

agli air? airs»

called the matrix of the operator A relative to the bases {e} = {e,, . . . , en}
and {f} = {f,, . . . ,f},,}. The components of the vectors Ael, Ae2, . . . , Ae,,
with respect to the basis {f} serve as the columns of this matrix.I

Now, given any vector

FPP

..
I‘/l= .-

J“ .. rs 4.. (I) _><X:

Y = Ax = "lift-

With a view to expressing the components 111, . . . , -qm of the vector y in
terms of the components Z1, . . . , Z" of the vector x, we observe that

y =§1*/hf, = Ax = A<§1Z,-ej) =§1Z,»Ae,-

i1v1= 1.“ ..Il\/ls
§

I s

3

= W. = 2, (,21a£"’£l

T I.e., a matrix with m rows and n columns.
3‘. Note the distinction between the symbol A (boldface Roman) for an operator and the

corresponding symbol A (lightface Italic) for the matrix of A.
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Comparing coeificients of the vector f,-, we find that
Tl

‘q, = zafilij (i = 1, 2,. . . , m), (4)
j=1

or, in expanded form

I'll = aiII€1 ‘l“ ai2I€2 ‘l“ ' ' ' ‘l“ ai.III€m

4. = a;"&. + art. + - - - + a;"’£......................... .. (5)
711,1 = aI1hI€1 + aI1?iI€2 + ' I ' + aI1liII€ri:

Therefore from a knowledge of the matrix of the operator A relative to the
basis e,, e2, . . . , e,, we can determine the result of applying A to any vector

Tl

x : 2 £191",~=1

of the space X. In fact, the equations (5) express the components of the
vector y = Ax as linear combinations of the components of x. Note that
the coeflicient matrix of the system ofthe equations (5) is just the matrix A (,_ ,,.

Next let ||a§’I’l| be an arbitrary m >< n matrix, where the superscript is
the column number and the subscript is the row number. Given any vector

4.. ,_l\/lE in 2'.‘x 1

we construct the vector

Y =12,‘/1.-1‘.

with components 111, 112, . . . , 1j,,, determined by (5). It is easy to see that
the operator A efiecting this mapping of the vector x into the vector y is a
linear operator. We now construct the matrix of the operator A relative to
the basis e1, e2, . . . , en. Since the vector e1 has components Z, = 1, Z3 = 0,
. . . , Z, = 0, it follows from (5) that the components of the vector Ae, will
be the numbers a§‘>, ax”, . . . , al“ so thatm 1

Aer = aiI)f1 'i' abnfz 'i' ' ' ' 'i' aI1hIfm-

Similarly,

A@r=¢1I”1’r+¢1§”1‘2+"'+¢1§,’i’i‘.,. (1-1.2.....»).
Therefore the matrix of the operator A coincides with the original matrix
flax” ||. Thus every m >< n matrix is the matrix of a linear operator A mapping
an n-dimensional space X into an m-dimensional space Y, with fixed bases
el, . . . , e,, in X andfl, . . . ,f,,, in Y. Thus (3), or equivalently (4), establishes
a one-to-one correspondence between linear operators mapping a space X
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(with basis el, . . . , e,,) into a space Y (with basis f,, . . . ,f,,,) and m >< n
matrices made up of numbers from the field K. In particular, identical
operators A and B (i.e., operators such that Ax = Bx for every x 6 X) have
identical matrices.

Finally we note that (5) can be used to construct the operator A directly
(and uniquely) from the matrix A = ||af.’I’|l. In fact, A is just the coefficient
matrix of the system (5).

4.24. Examples

a. Clearly, the matrix of the zero operator (see Example 4.22a) relative
to any basis in the space X and any basis in the space Y consists entirely of
zeros.

b. If ||a§’I’|| is the matrix of A, then the matrix of the negative operator
(see Example 4.22b) is obviously just -Ilafilll.

c. Let m > n and suppose the operator A carries the vectors of the basis
el, . . . , e,, of the space X into linearly independent vectorsfl, . . . ,f,, of the
space Y. We augment the vectors f,, . . . ,f,, by the vectors f,,+,, . . . ,f,,, to
make a basis for the whole space Y. Then the matrix of the operator A
relative to the bases e,, . . . , e,, and f,, . . . ,f,,, is clearly of the form

M

/'*-’\—"-\

H

m 0 0 1

0 0

00---0

d. ln particular, the matrix of the identity operator E (see Example
4.22d) relative to the basis e,, . . . , e,, of the space X (the domain of E) and
the basis e,, . . . , en of the same space (the range of E) is just

A matrix of this form is called the unit matrix or identity matrix of order n.
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4.3. Sums and Products of Operators

We now consider addition of operators and multiplication of operators
both by numbers and by other operators. First we note that two operators
A and B mapping a space X into a space Y are said to be equal (written
A=B)ifAx =BxforeveryxeX.

4.31. Addition of operators. Given two linear operators A and B mapping
a space X into a space Y, the operator C = A + B is defined by the formula

Cx E (A + B)x = Ax + Bx. (6)

Obviously, C also maps the space X into the space Y. To verify that C is
again a linear operator, let x = oc,x1 + oc2x2. Then

C(°‘1x1 + @2952) = A(a1x1 + @2752) + B(a1x1 + @2952)
= ot,Ax, —l— ot2Ax2 —l— ot,Bx, —l— ot2Bx2

= a,(Ax1 + Bx,) + a2(Ax2 + Bx2) : ot1Cx, + <x2Cx2,

so that both conditions-a) and b) of Sec. 4.21 are satisfied. The linear
operator C defined by (6) is called the sum of the operators A and B.

It is easily verified that
A + B = B + A,

(A-1-B)+C=A-l-(B-l-C), (7)
A + 0 = A,

A + (—A) = 0.
where A, B and C are arbitrary linear operators, 0 is the zero operator (see
Example 4.22a), and —A is the negative of the operator A (see Example
4.22b), i.e., the operator carrying the vector x 6 X into the vector —Ax.

4.32. Multiplication of an operator by a number. Let A be a linear
operator mapping a space X into a space Y, and let 71 be a number from the
field K. Then the operator B = AA, called the product of the operator A and
the number 71, is defined by the formula

Bx = (7\A)x = ).(Ax).
It is easily verified (just as in Sec. 4.31) that this operator is linear, and
moreover that

7\1O\2A) : O\17\2)A,

1 - A : A, ,
(7 )

()1, —l— )\2)A = MA —l— 712A,

).(A + B) - IA + AB.
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The relations (7) and (7') show that the set of all linear operators mapping
a linear space X into a linear space Y is itself a linear space.

4.33. Multiplication of operators. Let A be a linear operator mapping
the space X into the space Y and B a linear operator mapping the space Y
into the space Z (where all the spaces are over the same number field K).
Then the operator P = BA, called the product of the operator B and the
operator A (in that order), is defined as the operator mapping X into Z such
that

Px = (BA)x = B(Ax)

(note that first the operator A acts on the vector x and then the operator B
acts on the resulting vector in the space Y). The operator P is again linear,
since

P(ot,x, —l— ot2x2) = B[A(ot,x, —l— ot2x2)] = B(ot,Ax, —l— ot2Ax2)

= ot,BAx, + <x2BAx2 = ot1Px, + oi2Px2.

4.34. The following relations are easily verified:

a) ).(BA) = (71B)A for every number 7. eK and arbitrary operators A
mapping the space X into the space Y and B mapping the space Y into the
space Z;

b) (A + B)C = AC + BC for arbitrary operators A and B mapping the
space Y into the space Z and C mapping the space X into the space Y;

c) A(B + C) = AB + AC for arbitrary operators B and C mapping the
space X into the space Y and A mapping the space Y into the space Z;

d) (AB)C = A(BC) for arbitrary operators C mapping the space X into
the space Y, B mapping the space Y into the space Z, and C mapping the
space Z into the space W31‘

For example, to verify d), according to the definition of operator
equality we must prove the identity

[A(BC)x] = l(AB)ClX
for every x e X. But by the very definition of the operator product, we have

[A(BC)x] = A[(BC)x] = A[B(Cx)],

l(AB)ClX = (AB)(CX) = A[B(Cx)],
which implies the required formula. The other formulas are proved similarly.

T The associative law for operator multiplication is expressed by d), and the distributive
law by b) and c).
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4.4. Corresponding Operations on Matrices

We now study the matrix analogues of the algebraic operations on linear
operators described in Sec. 4.4.

4.41. Addition of operators. Let A and B be two linear operators mapping
a space X with basis e,, . . . , e,, into a space Y with basis f,, . . . ,f,,,. More-
over, let A = ll af.’ ’l| be the matrix of the operator A and B = llbf.” ll the matrix
of the operator B, relative to these bases. Then

Aer = §4i”t.-. Be, = § bib‘. <1" = 1. 2. . . . . 4).
i=1 i=1

and hence

(A + Bie. = Aer + Be. = __Zy£” + b§”>t.--
It follows that the matrix corresponding to the operator A + B is just
llax.” —l— b§’I’|l. This matrix is called the sum of the matrices |lax.’I’l| and l|bx.‘I’||-
Thus the sum A + B is defined for every pair of matrices A and B with the
same number of rows and the same number of columns.

4.42. Multiplication of an operator by a number. With the same notation
as before, we have

Tl

().A)e,- = ).(Ae,) = xa,l”f,.

It follows that the matrix corresponding to the operator AA is just the matrix
||).af.’I’||, obtained by multiplying all the elements of the matrix Ilaf/I’|| by
the number 71. This matrix is called the product of the matrix Ila:/"l| and the
number )1.

Since there is a one-to-one correspondence between m >< n matrices and
linear operators mapping an n-dimensional space into an m-dimensional
space (see Sec. 4.22), there is a one-to-one correspondence between algebraic
operations involving operators and the analogous operations involving
matrices. Hence, since operators obey the rules (7) and (7'), the same is also
true of matrices (of course, this can easily be verified directly). Thus we see
that the set of all m >< n matrices is itselfa linear space, which, by its very
construction, is isomorphic to the linear space of all linear operators mapping
an n-dimensional space X into an m-dimensional space Y.

4.43. Multiplication of operators. Let X, Y and Z be linear spaces, and
let e,,...,e,, be a basis in X,f,,...,f," a basis in Y, andg,,...,g, a
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basis in Z. Let B be a linear operator mapping X into Y with m >< n matrix
||b§’I’||, so that

Be.=_§b£”t.- <1-12...»).
and let A be a linear operator mapping Y into Z with q >< m matrix ||ax’I’||_
so that

G

Af, = Z1a,(,'lg,, (i = 1, . . . , m).
k=

Then for the product P == AB we have

(AB)e, = A(Be,) = Ag b,I’I’f,. = b,l’I’Af,-

7" Q _ G 7!! V _
: 2 btijizaliciigk : 2 <2a;:ib1{1i)gk_

tI=1 k=1 =1 i=1

Hence the elements pf,” of the matrix P of the operator P = AB are given by

Pr‘

p§,’I’=21a;,'I’b,l’I’ (j=1,...,n;k=l,...,q). (3)

This is the desired result, which can be expressed as follows: The element
of the matrix P belonging to the kth row andjth column equals the sum of the
products of the elements of the kth row of the matrix A with the corresponding
elements of the jth column of the matrix B. The matrix P = 1| px’I’|| which is
obtained from the matrices A = ||a§,”|| and B = ||b§”|| in accordance with
formula (8) is called the product of the matrices A and B (in that order).

It should be noted that for the product P = AB to make sense, the number
of columns in A must equal the number of rows in B. Then P will have the
same number of rows as A and the same number of columns as B. This fact
can be expressed more strikingly in the “m >< n notation," namely, the
product AB of a q >< l matrix A and an m >< n matrix B is defined ifl = m,
in which case AB is a q >< n matrix. Both products AB and BA are defined
ifl = m and q = n, in which case AB is a square n >< n matrix while BA is a
square m >< m matrix. Moreover, if l = m = q = n, i.e., if both matrices
A and B are square n >< n matrices, then AB and BA are also n >< n matrices.
However, these products need not be equal. For example,

0110 00

ioloo 10
100101
0010_00'

4
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Thus multiplication of square matrices is in general noncommutative. As
for the associative and distributive laws, the situation is more favorable.
In fact, as shown in Sec. 4.34, operator multiplication obeys the associative
and distributive laws, and hence we can assert that the same is true of
matrix multiplication, since there is a one-to-one correspondence between
operators and matrices associating sums and products of operators with the
sums and products of the corresponding matrices.

4.44. Examples

In the following examples, we write both indices of matrix elements as
subscripts, so that the element a,,, of the matrix A = |la,,,|| belongs to the
jth row and the kth column. In this notation, formula (8) for the matrix
product P = AB takes the form

I»...-=.§,“...»1>.-,~ (i=1.---.n;l<=l.---.q)- (8')
a. Suppose we multiply an m >< n matrix A = ||a,»,,|| from the left by an

m >< m matrix B,, : ||b,,,l| with all its elements b2,, equal to zero except the
single element b,, : 1. Then by (8') we get the m >< n matrix

(S)

an a12 ant

BrsA:(r) 1 as! as2 II asri

arnl am2 arnri

Z (r) as! as2 I I I a8’!l

so that the rth row of the matrix B,,A consists of the elements of the sth row
of the matrix A while all other elements of B,,A vanish.

b. Suppose we multiply an m >< n matrix A = |la,~,,l| on the right by an
n >< n matrix Cm = llc,-kll with all its elements cjk equal to zero except the
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single element cu = 1. Then by (8') we get the m >< n matrix

(q)

all - - . alp - . . ax” I

an ah ,2”
AC“: _ (P)

aml ' ' ' am, am, .

(q)
Q ah 0

: 0 an 0

0 amp 0

so that the qth column of the matrix ACM consists of the elements of the pth
column of the matrix A while all other elements of AC9, vanish.

c. With the same matrices B”, A and CM we have

(q)

B,_,AC,,,:(r) 0 am, 0

0... Q ...0

Thus B,_,AC,,, is an m >< n matrix all of whose elements vanish with the
(possible) exception of the single element, equal to a_,,,, appearing in the rth
row and qth column.

d. By what m >< m matrix D must we multiply an m >< n matrix A from
the left to make the matrix DA coincide with the matrix obtained from A by
interchanging its rth and sth rows?

Solution. Example 4.44a shows that the matrix whose rth row is the sth
row of the matrix A is obtained by multiplying A on the left by the
m >< m matrix B,_,. But the other rows of the resulting matrix vanish. It is
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now clear that to get the required matrix, we must multiply A from the
left by the m >< m matrix

I <1) oi

1

1

D=Brs+Bsr+ZBij=
Hér
JI¢s _ _

1
.._1 ()

1

1

e. By what n >< n matrix G must we multiply an m >< n matrix A from the
right to make the matrix AG coincide with the matrix obtained from A by
interchanging its pth and qth columns?

Solution. By an argument like that in Example 4.44d, we have

G = Cara + Car + zckivan
k¢q

f. By what m >< m matrix F must we multiply an m >< n matrix A from
the left to make the matrix FA coincide with the matrix obtained from A by
adding A times its sth row to its rth row?

Solution. Using Example 4.44a, we obviously have F = E + AB,, where
E is the unit matrix of order m.

g. By what n >< n matrix H must we multiply an m >< n matrix A from
the right to make the matrix AH coincide with the matrix obtained from A by
adding A times its pth column to its qth column?

Solution. Clearly, H = E + 1.tC,,, where E is the unit matrix of order n.

4.5. Further Properties of Matrix Multiplication
4.51. Multiplication of block matrices. In multiplying matrices, it is

sometimes convenient to partition the matrices into blocks and afterwards
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deal with the blocks as separate entities. Suppose we are given an m >< n
matrix A and an n >< p matrix B, partitioned into blocks as follows:

'1 P
M /im
A11 A12 I ' ' B11 B12 I I I
A A ... B Bx ...A : m 21 22 _, B : n 21 -2 j _

Suppose further that every “block-row” of the matrix A contains the same
number of blocks as every “block-column” of the matrix B, and that the
“width” of every block A,,, of the matrix A coincides with the “height” of
every block Bk, of the matrix B. Then the products A,»,,B,,, all make sense,
and in fact are rectangular matrices of size depending on the indices j and s
(but not on the index k). We then have the following multiplication rule:
The product matrix AB is made up of blocks constructed from the blocks of
the matrices A and B in the same way as the elements of AB are constructed
from the elements ofA and B, i.e.,

-411311 ‘l‘ -412321 ‘l‘ ' ’ ‘j-411312 ‘l‘ 1412322 ‘l‘ ' " "I
_ /421811 + A22B21 + ' ' ' /421812 + /422822 + I I ' III _ (9)AB

. . - . - - - - -6

- . . . . - - - -6 ...

To prove (9), let i be the index of a block-row of A containing the kth
ordinary row of A, and letj be the index of a block-column ofB containing
the qth ordinary column of B. By the general rule of Sec. 4.43, the elements
of the product matrix P = AB are of the form

PM = aklbla ‘l‘ ' ' ' ‘l‘ akribrul

:(ak1b1q + I I I + akaibpq) + I I I + (akrbrq + I I I + aknbriq)v

where parentheses are inserted in keeping with the widths of blocks of A
(and heights of blocks of B). But the first term in parentheses is the element
in the kth row and qth column of the block A,»1B,,-, the second term in paren-
theses (not written) is the element in the kth row and qth column of the block
A,-1B2,, and so on. Thus pk, is the element in the kth row and qth column of
the block A,-1B1, + - - - + A,,B,,, itself the block in the ith row and jth
column of the matrix P = AB regarded as a block matrix. The proof of (9)
is now complete.
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4.52. Multiplication of quasi-diagonal matrices. A matrix is said to be
quasi-diagonal if it is of the form

All

E
A = ' ,

E
where the “ofiI-diagonal” blocks consist entirely of zeros. Suppose the block
Akk is an mk >< nk matrix (k = 1, . . . , s), and consider the quasi-diagonal
matrix

7..
—ElB : .

2

|&
where the block Bkk is an nk >< pk matrix (k : 1, . . . , s). Then, using the
rule of Sec. 4.51 to multiply the matrices A and B, we immediately get

A..B.. I
/422822

AB = I

A,,B,,

Thus in this case the matrix AB is again a quasi-diagonal matrix, where the
block AkkBkk has mk rows and pk columns.

4.53. Multiplication of transposed matrices. Given an m >< n matrix
A = l|a,k||, by the transpose of A (cf. Sec. 1.41) is meant the n >< m matrix
A’ = ||a,T,_|| such that

a;»k=ak,- (j=1,...,n;k=1,...,m).

Let A be an m >< n matrix and B an n >< p matrix. Then the product P = AB
is defined and is an m >< p matrix. Moreover, the product B’A’ of the trans-
posed matrices A’ and B’ is also defined and is a p >< m matrix. We now
show that

B’A’ = (AB)’. (10)
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Let the elements of the matrices A, B, P = AB, A’, B’ and P’ be denoted by
an, b,-,», p,,-, a,T,. = a,-,, b,T,. = b,,, pg, = p,-,-. Then, by the rule for matrix
multiplication,

Pvt = Pitt = Ear.-bit. = Zaiiblci : Z blciaiiv
j=1 i=1 ]'=1

where the summation is over the index j with the indices i and j held'f1xed.
Thus to form the element pk, of the matrix P’, the elements of the kth row
of B’ are multiplied by the corresponding elements of the ith column of A’
and then added. In other words, using the rule for matrix multiplication
once again, we see that P’ is the product of B’ and A’ (in that order), thereby
proving (10).

4.54. Minors of the product of two matrices. Given an m >< n matrix
A = Hajkll and an n >< p matrix B = ||b,kl|, we construct the m >< p matrix
P = AB = ||p,-k||. Fixing the rows with indices oak, . . . , ak (oi, < - - - < otk)
and the columns with indices I-3,, . . . , Bk (B, < - - - < Bk), where k < m,
l< C p, we now consider the problem of calculating the minor

a111b1B1 + I I I + alrribrifii I I I aallblelt: + I I I + a°‘1’!lb7|B70

I a121b1B1 + I I I + aoieribnfii I I I aciglbigk + I I I + aa2,,b,,B,c

aakraier Ti‘ I ' ' -I‘ a1k’!lb!IB1 I I I a1;_1b1B;_. "I" ' ' ' “IF adtjcnbnfijc

(11)
formed from these rows and columns. To make this calculation, we use the
linear property of determinants (Sec. 1.44). The vth column of the minor (1 1)
is the sum of k “elementary columns" with elements of the form a,‘_,»b,»Bv
(where the column indices i and v are fixed, and the row index j varies from
1 to k). Hence the whole minor (1 1) is the sum of k’~' “elementary determin-
ants” consisting only of elementary columns. Since in each elementary
column the factor b,Bv does not change as we go down the column, it can be
factored out of the elementary determinant. After this, each elementary
determinant takes the form

am", aa,t2 ' ' I aaktk

aaie, aa,i. aeaii ’ (12)
b'I1I31bi2B2 I I I bit.-I32

aaki, aakt2 I ' I aakik

where i,, i2, . . . , ik are certain numbers from 1 to n. If some of these numbers
are the same, then clearly the corresponding elementary determinant vanishes.
Moreover, this is always the case if k > n. Therefore if the matrix AB has
minors of order k > n, they miist all vanish.
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Returning to the case k < n, we note that it is only necessary to consider
elementary determinants for which the indices i,, i2, . . . , ik are all difierent.
In this case, the determinant

aoqil aoi1i2 I I I aoilik

a°‘2'I1 a°‘2'I2 I I I a°‘2'Iir

aoikil aoikr'2 I I I aoikik

is the same (except possibly for sign) as the minor Mj‘,1"_"_-_',',.°:¢(A) where the
indices jl, . . . ,jk (j, < - - - <jk) are the indices i1, . . . , ik rearranged in
increasing order. To find the sign which must be ascribed to (13) to get
MjF:j_'_'_'_',i‘x’¢(A), we successively interchange adjacent columns of (13) until we
arrive at the normal arrangement of the columns, i.e., the arrangement they
have in the matrix A itself. At each interchange of two adjacent columns, the
determinant (13) changes sign and the number of inversions in the per-
mutation i,, i2, . . . , ik changes by unity. Since in the final arrangement of
the columns, the subscripts are in natural order (i.e., without inversions),
the number of successive changes of sign is equal to the number of inversions
in thepermutation i,, i2, . . . , ik.‘]' Let N(i) denote the number of sign changes.
Then the expression (12) takes the form

(T7 l)NIIIbi1B1 bi2B2 I I I bikBkM1II1I-I'I'I'I'I1IirI(A

To obtain (1 1), we must now add up all the expressions of the form (14).
First we add up all the expressions with the same set of indicesjl, . . . ,jk,

taking out the common factors M,?‘11_'_'_'_'_',:‘,.'=(A). The remaining expression is
then

(—l)NIIIbi'1Brbi2B2 I I I bi);;B)¢7

where the summation is over all distinct sets of indices i1, i2, . . . , ik (these
indices range from 1 to n). But this expression is just the minor M$111,-_-_-_ -"2’¢k(B)
Thus finally we get the formula

M§::;;:;t:<4B> = 2 M?::;;;:?:<4>Mi::;;::i:<B>. <15)
where the summation is over all distinct sets of indices j1,j2, . . . ,jk
(1 < j1 <j2 < - - - <jk < n). The total number of terms in the sum (15) is
just the binomial coefficient

C; _ n!
T kl (n - k)!I

T It is assumed that the change in the indices ik, i2, . . . , i,, produced by every column
interchange causes a smaller index to appear before a larger index, with the result that the
total number of inversions changes by exactly one.
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Our result can be summarized in the following

THEOREM. Every minor of order k < n of the matrix AB can be expressed
in terms of the minors of the same order of the matrices A and B, in the way
given by formula (15).

4.6. The Range and Null Space of a Linear Operator

4.61. Let A be a linear operator mapping a linear space X into a linear
space Y (in the notation of Sec. 2.71, this is expressed by writing A;X -> Y).
Let n be the dimension ofX and m the dimension of Y, and choose an arbitrary
basis el, . . . , e,, in X andfl, . . . ,f,,, in Y. Then, by the method of Sec. 4.23,
we can associate the operator A with an m >< n matrix

A =1|a§"l| (i=1,...,m;j=1,..,,n).
Let T(A) be the range of A, i.e., the set of all vectors y = Ax, x 6 X. We
now consider the problem of finding the dimension of the subspace T(A)
from a knowledge of the matrix A,

Writing

I,I_l\/I3
nx >.~ NFx:

we have

y = Ax = ii Aek.k
k=1

Hence the range of the operator A coincides with the linear manifold spanned
by the vectors Ae,, . . . , Aek. As noted on p. 51, the dimension of this
linear manifold L(Ae1, . . . , Ae,,) equals the maximum number of linearly
independent vectors in the system Ael, . . . , Aek. We know from Sec, 4.23
that the columns of the matrix of the operator A consist of the components
of the vectors Ael, . . . , Ae,, with respect to the basis el, . . . , e,,, and hence
the problem of finding the maximum number of linearly independent vectors
in the system Ael, . . . , Ae,, reduces at once to that of finding the maximum
number of linearly independent columns of the matrix A. But by Theorem
3.l2c, the latter quantity is just the rank of the matrix of the operator A.
Thus the dimension of the range ofa linear operator A mapping an n-dimensional
space X into an m-dimensional space Y equals the rank of the matrix of A
relative to any basis {e} in X and any basis {f} in Y.

We note that the choice of bases does not matter here. Therefore the
rank of the matrix of an operator A does not depend on the choice of bases,
i.e., depends only on the operator A itself. In what follows, the rank of the
matrix of the operator A (relative to any bases) will simply be called the
rank of the operator A, denoted by r2.
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4.62. Next let N(A) be the null space of the operator A, i.e., the set of all
vectors x e X such that Ax = 0, and as before let A = ||al”|l be the matrix
of A. We now consider the problem of finding the dimension of the subspace
N(A) from a knowledge of the matrix A. Let

x : Z Z,»e,» 6 N(A).
i=1

Then the system (5), p. 80 takes the form

aIII€1 ‘l“ aI12I€2 ‘l“ I I ' ‘l“ ¢1l"’€.. = 0,

a;"&. + a‘.*’i. + - - - + a;"’&. = 0’ (16)

aI1hIE>1 'l' aI1?iI€2 + I I I 'l' aI1iiI€ri = 0-

Moreover, it is obvious that, conversely, every vector x 6 X whose compo-
nents satisfy (16) belongs to the null space of the operator A. Thus the problem
of finding the dimension of the null space of the operator A is equivalent to
the problem of finding the dimension of the subspace of X consisting of all
solutions of the system (16). But according to Sec. 3.51, the dimension n,l
of this subspace equals n - r, where r is the rank of the coefficient matrix
of the system, or equivalently, the rank of the operator A. It follows that
n,l = n - r,l. Thus the dimension of the null space of the operator A equals
the rank of the space X (on which A acts) minus the rank of the operator A.

4.63. In particular, if the morphism A:X -> Y is an epimorphism, then
T(A) = Y and hence r,l = m. Ifthe morphism A:X —> Y is a monomorphism,
then N(A) = {0} and hence r,l = n. The converse assertions are also true:
If the rank of the matrix A equals the number m of its rows, then the dimension
of T(A) coincides with the dimension of the whole space Y and hence
T(A) = Y. Therefore the morphism A is an epimorphism ifand only ifr,l = m.
If the rank of the matrix A equals the number of its columns, then the
vectors fl = Ael, . . . , f,, = Ae,, are linearly independent and hence the
operator A is a monomorphism (see Sec. 2.73c). Therefore the morphism A
is a monomorphism ifand only ifrjl = n.

4.64. The following proposition is the converse of the results of Secs.
4.61 and 4.62:

THEOREM. Let X be an n-dimensional linear space and Y an arbitrary
linear space. Tlien, given any siibspaces N C X and T C Y the sum of whose
dimensions equals n, there exists a linear operator A:X->Y such that
N(A) = N, T(A) = T.
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Proof. Let the dimensions of N and T be k and m = n - k, respectively.
Moreover, letfl, fl, . . . , f,,, be m linearly independent vectors in the subspace
T, and let el, e2, . . . , e,, be any basis in the space X whose first k vectors lie
in the subspace N (see Sec. 2.43). Defining an operator A by the conditions

Ae,-=0 (i=1,2,...,k), (17)
Ae,»+k=f,- (1I=l,2,...,m),

we now show that A satisfies the requirements of the theorem. First of all,
it is obvious that T(A) is the linear manifold spanned by the vectorsfl,f2, . . . ,
f,,, and hence coincides with the subspace T. Moreover, by (17), every
vector of the subspace N belongs to N(A), and it remains to show only that
every vector of N(A) belongs to N. Suppose Ax = 0 for some

7|.

x = Z Z,e,-.
I=I

Then, by (17),

0 = Ax = A(€1e1 Ti‘ I + i.e.) = £164-1/1 Ti‘ "'1'" gnfma

and hence Zk+l = ' - - = in = 0 since fl, . . . ,f,,, are linearly independent.
But then

x= €1e1'i""'i' EIcekeN' I

4.65. The following theorem on the rank of the product of two matrices
is a consequence of the geometric notions just introduced:

THEOREM. The rank of the product AB of two matrices A and B does not
exceed the rank of each of the factors.

Proof. Naturally, we must assume that the number of columns of the
matrix A coincides with the number of rows of the matrix B, since otherwise
the product AB could not be formed. Thus let A be an m >< n matrix and B
a n >< p matrix, and introduce linear spaces X, Y and Z with dimensions n,
m and p, respectively. Choose a basis el, . .. ,e,, in the space X, a basis
fl, . .. ,f,,, in the space Y and a basis gl, . . . ,g, in the space Z. Using
these bases, we associate a linear operator A:X —> Y with the matrix A and a
linear operator B:Z -> X wiht the matrix B (see Sec. 4.23). Then the product
operator AB:Z —> Y corresponds to the product matrix AB. The range of
the operator AB is contained in the range of the operator A, by the very
definition of AB. Since by Sec. 4.61 the dimension of the range of any
operator equals the rank of its matrix, we find that the rank of the product of
two matrices does not exceed the rank of thefirst factor. To prove that it also
does not exceed the rank of the second factor, we go over to transposed
matrices. Using equation (10), p. 90, we find that

rank AB = rank (AB)’ = rank B’A’ < rank B’ = rank B. I
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4.66. The rank of the product of two matrices can actually be less than
the rank of each factor. For example, the matrices

0 1 1 0
,4 = , B =

0 0 0 0

both have rank one, but their product

0 0

0 0
AB=

has rank zero. Therefore the following theorem, which gives a lower bound
rather than an upper bound for the rank of the product of two matrices, is
of interest:

THEOREM. Let A be an m >< n matrix of rank rA and B an n >< p matrix
ofrank r,,.. Then the rank ofthe m >< p matrix AB is no less than rA + r,,. — n.

Proof First we show that any operator A:X —> Y of rank r carries every
k-dimensional subspace X’ C X into a subspace Y’ C Y of dimension no
less than r - (n — k). Choose a basis el, e2, . . . , en in the space X such that
the first k basis vectors lie in the subspace X’ (see Sec. 2.43). The components
of the vectors Ael, Ae2, . . . , Aek generating the space Y’ occupy the first k
columns of the matrix of the operator A. By hypothesis, there are r linearly
independent columns in the matrix of A. We divide these columns into two
groups, the first consisting of columns whose numbers lie in the range 1 to k,
the second consisting of columns whose numbers lie in the range k + 1 to n.
The second group contains no more than n — k columns, and hence the first
group contains no more than r — (n — k) columns. Thus the subspace Y’
has no more than r — (n — k) linearly independent vectors, as asserted.

Now let A:X —> Y and B:Z -> X be linear operators corresponding to the
matrices A and B. By Sec. 4.61, the rank of the matrix of the operator AB
is just the dimension of the range of AB. The operator B maps the whole
space Z into the subspace T(B) C X of dimension rB. But as shown above,
the operator A maps the subspace T(B) into a subspace of dimension no less
than rA — (n — r,,») = rA + rB — n. Thus the range of the operator AB,
and hence the rank of the matrix of AB, is no less than rA + rB - n. I

4.67. COROLLARY. Let A be an m >< n matrix and B an n >< p matrix, and
suppose the rank of one of these matrices equals n. Then the rank of AB
equals the rank of the other matrix.

Proof. In this case, the upper and lower bounds for the rank of AB,
given by Theorems 4.65 and 4.66, have the same value, equal to the rank of
the other matrix. I
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4.68. Let A be a linear operator mapping a linear space X into a linear
space Y. A linear operator B mapping Y into X is called a left inverse of the
operator A if

BA = E

is the unit operator in the space X. The operator A is then called a right
inverse of the operator B. The following theorem gives conditions under
which the operator A (or B) has a left (or right) inverse:

THEOREM. The operator A:X ->Y has a left inverse if and only if A is
a monomorphism. The operator B: Y -> X has a right inverse if and only if B
is an epimorphism.

Proof. Let A be a monomorphism with range T(A) C Y. Then for every
y e T(A) there is an x 6 X such that Ax = y, where x is uniquely determined
byy since A is a monomorphism by hypothesis. Let Q C Y be the subspace
whose direct sum with T(A) is the whole space Y (see Sec. 2.46). We now
define an operator B: Y -> X by the following rule: For y e T(A) we set By
equal to the (unique) vector x for which Ax = y, while otherwise we set

By=0 if y€Q,

By=ByI if y=y.+yi.y.ET(A).yrEQ-
Then it is easy to see that the operator B is linear and that BAx = x, for
every x e X, so that B is the left inverse of A. However, if A is not a mono-
morphism, there exists a nonzero vector x e X such that Ax = 0. Then for
any B:Y —> X we have (BA)x = B(Ax) = B(0) = 0, so that A indeed fails
to have a left inverse.

Next let B:Y—>X be an epimorphism and let N(B) C Y be the null
space ofB, while Q C Y is the subspace whose direct sum with N(B), denoted
by N(B) + Q, is the whole space Y. Since

X = B(Y) = B(N(B) + Q) = B(Q).
the mapping B:Q —> X is also an epimorphism and in fact an isomorphism,
since no nonzero element y 6 Q is mapped into zero by the operator B. We
now define an operator A:X -> Y by the following rule: Given any x e X,
we set Ax equal to the (unique) vector y 6 Q for which By = x. Then it is
easy to see that the operator A is linear and that BAx = x for eve_ry x e X,
so that A is the right inverse of B. However, if B: Y -> X is not an epimor-
phism, then BAx qé x for any operator A:X -> Y and any vector x e X such
that x ¢ T(B), so that B has no right inverse. I

4.69. a. As we know, the result of multiplying an n >< m matrix P by an
m >< n matrix A is a square n >< n matrix

S=PA.
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If S is the unit n >< n matrix (see Example 4.24d), we call P the left inverse
of the matrix A. Similarly, the result of multiplying an m >< n matrix A by
an n >< in matrix Q is a square I1’! >< in matrix

T = AQ,

and if Tis the unit m >< m matrix, we call Q the right inverse ofthe matrix A.

b. Using the results of Sec. 4.63, we can now formulate Theorem 4.68
in terms of the rank of a matrix:

THEOREM. An m >< n matrix A has a left inverse ifand only its rank
equals n and a right inverse and only its rank equals m.

4.7. Linear Operators Mapping a Space K, into Itself
4.71. Let A be a linear operator mapping the space X into itself (this

corresponds to setting Y = X in Sec. 4.21). Such an operator is said to be
an operator (acting) in the space X.

Suppose the operator A acts in an n-dimensional space X = K". Choosing
a basis el, . . . , e,, in the space X, we use the same basis in Y = X to construct
the matrix of the operator A. Then formula (3), p. 79 becomes

Ae, =iZ1a,l’I’e,- (18)

(after setting f, = e,-), so that the coetficients a,I’I’ now form a square n >< n
matrix A, called the matrix of the operator A in (or relative to) the basis
{e} = {el, . . . ,e,,}. We will sometimes denote this matrix by AM. The
corresponding formula relating the components of the vectors x and y, where

11 n

Y = Ax» X zzliieii J’ = 2171191
.7 I

is

>1.-=i4.‘."’i.~ (19)i=1
(cf. formula (4), p. 80). For a fixed basis {e} = {el, . . . ,e"}, we get a
one-to-one correspondence between all linear operators acting in the space
Kn (i.e., mapping K,, into itself) and all square n >< n matrices made up of
elements of the underlying field K.

4.72. Examples
a. The operator associating the zero vector with every vector of the

space X is obviously linear. As in Example 4.22a, this operator is called the
zero operator. It is clear that the matrix of the zero operator relative to any
basis consists entirely of zeros.
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b. The identity (or unit) operator E, associating the vector x itself with
every vector xeX, has already been considered in Example 4.22d. Its
matrix is the unit (or identity) matrix of the form

10---0

()]...0
E:

(cf. Example 4.24d).

c. The operator A which carries every vector x e X into Ax, where A is a
fixed number from the field K, is obviously linear. This operator is called
the similarity operator (with ratio of similitude A). As in the preceding
example, the similarity operator has the matrix

00---1
in any basis.

d. We can specify a vector in the Euclidean plane V2 by giving its polar
coordinates p and <9. The operator A carrying the vector x = (p, <9) into
Ax = (p, <9 + <93), where <93 is a fixed angle, is linear (as can easily be
verified by drawing a figure). This operator is called the rotation operator
through the angle <93.

To construct the matrix of A, we choose a basis in V2 consisting of two
orthogonal unit vectors el and e2. Drawing a figure, we easily see that after
rotation through the angle <93 the vector el goes into the vector el cos <93 +
e2 sin <93, while the vector e2 goes into -el sin <93 + e2 cos <93. Hence the
matrix of the rotation operator A has the form

cos <93 -sin <93

sin <93 cos <93

in the basis el, e2.

e. Let el,e2,...,e,, be a basis in an n-dimensional space K”, and
Suppose that with the vector

37‘
[\/ls

1-
\I\XR‘ WFT

xi



I00 LINEAR FUNCTIONS or A VECTOR ARGUMENT CHAP. 4

we associate the vector
"Ii

PX = Z Ekek
k=1

where m < n. Then P is a linear operator, called the projection operator
onto the subspace Km spanned by the vectors el, e2, . . . , em.

To construct the matrix of P, we note that it carries the vectors el, e2, . . . ,
e,,, into themselves and the vectors e,,,+l, . . . , ek into the zero vector. Hence
the matrix of the projection operator P in the basis el, e2, . . . , ek is just

1()...()()...()
()1...()()...()

(m)00---I0---0.

f. Let el, e2, . .. , e,, be a basis in an n-dimensional space Kn, and let
Al, A2, . . . , Ak be n fixed numbers. Defining an operator A for the basis
vectors by the conditions

Ael = Alel, Ae2 = A2e2, . . . , Aek = Akek,

we then of course use linearity to define A for any other vector
rt.

x = Z £1631.-
lC=1

by the condition
TI.

Ax = 2 Akikek.
k=I

The resulting operator A is said to be diagonal relative to the basis el, e2, . . ,
en; we also call A a diagonalizable operator.

The matrix of an operator which is diagonal relative to the basis el, e2,
. .. , ek is ofthe form

M () . . . ()

0 1, 0

Q Q 7,"

in the same basis. Such a matrix, which can have nonzero elements only on
its principal diagonal, is said to be diagonal (hence the corresponding
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terminology for the operator itself). It should be noted that the matrix of
an operator which is diagonal relative to the basis el, e2, . .. , ek will in
general not be diagonal in another basisfl,f2, . . . ,fk.

4.73. a. Using the rules of Secs. 4.31 and 4.32 to add linear operators
acting in a space X and multiply them by numbers, we again get linear
operators acting in X. The rules (7) and (7'), p. 82 show that the set of all
linear operators acting in a space X (equipped with the indicated operations
of addition and multiplication by numbers) is again a linear space over the
same field K. Moreover, the operation of multiplication described in Sec.
4.33 can always be defined for operators acting in a space X, and the result
is again an operator acting in X. In particular, we can define the powers of a
given operator A by the rules

A1 = A,
A’ = AA,
A“ = A’A = (AA)A = A(AA) = A(A’).

A" = A"—1A = AA"—1.
We then have the formula

A"'+" = A"A" (m, M = 1, 2, . . .), (20)
which can easily be proved by induction. Next we define

A° = E,
where E is the identity operator, and show that (20) remains valid in the case
where one of the indices is zero. In fact, if B is any operator, we have

fliE)x = B(Ex) = Bx = E(Bx),
so that

BE = EB = B.

Setting B = A”, we obtain

A”E = EA” = A",
as required.

b. Let X = Kk be a finite-dimensional space, and let el, . . . , ek be an
arbitrary basis in X. Then with every linear operator A acting in the space X
we can associate the matrix of A in the basis el, . . . ,ek. Just like the
operators themselves, the corresponding matrices can be added, multiplied
and raised to powers in accordance with the rules of Secs. 4.41-4.43. The
dimension of the linear space of all matrices of order n can easily be found.
In fact, let Ei, be the matrix whose elements are all zero except for the
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element in the ith row and jth column, which, to be explicit, we choose to
be 1. Then the matrices E,, (i',j = 1, . . . ,n) are obviously linearly inde-
pendent. On the other hand, every matrix of order n is a linear combination
of the matrices E,-,4 Hence the matrices E,, form a basis in the space of all
matrices of order n. Since the number of matrices E,,- is n2, the dimension
of the space of all matrices of order n is just n2 (see Sec. 2.35). The space of
all linear operators acting in X = K,, obviously has the same dimension n2.

4.74. Examples

a. Multiplication by the complex number w = oi + iB is a linear trans-
formation in the xy-plane, which can be described by a real matrix of order
two. It follows from the multiplication formula

(fl + il‘3)(X + iy) = (“X C 3)’) + 1I(l5x + fly)

that this matrix is of the form

TF1 a ig

B oi

This rule establishes a one-to-one correspondence between complex numbers
6) = oi + iB and real matrices rrr of order two, where (as is easily verified)
the sum (or product) of two numbers goes into the sum (or product) of the
corresponding matrices. This is described by saying that the matrices rrr form
an exact representation of the field of complex numbers (see Sec. 11.21).

b. Let Bk (k > 0) denote the operator which “lowers indices by k,” i.e.,
the operator carrying each basis vector em (m = 1, . . . ,n) into the basis
vector e,,,_k ifm — k > 0 and into 0 ifm — k < 0. Obviously

B3 : E, BkB, : Bk+,,

and, in particular,

Bl‘ = Bk.

The matrix of the operator Bl is

0 I 0 - - - 0

0 0 I - - - 0

000---I

1000---0

1
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while that of the operator Bk (k < n) is

(/<-I-1)
Q 1 Q Q

Q Q 1 Q

Q Q ()1(,l_/3)

()...()()...()

4.75. The determinant of the product of two matrices. Let A = ||a,k|l and
B = ||b,k|| be any two n >< n matrices, and let C = AB be their product.
Applying Theorem 4.54 to the minor M§:~_:;'f,(AB), which is just the deter-
minant of the matrix AB, we get I

det AB = det A det B. (21)

Thus we have proved the following

THEOREM. The determinant of the product of two n >< n matrices equals
the product of the determinants of the matrices.

There also exist direct proofs of this theorem, i.e., proofs which do not
rest on a proposition like Theorem 4.54. Here is one such proof. Consider
the determinant

bu but "1 0 0

b2, b2, 0 -1 - 0

1,”, 1,” Q Q _1
D:

0 ‘ ‘ ‘ 0 an a12 ' arn

0 ‘ ‘ ‘ 0 a21 a22 ' azn

() 0 am am ax"

of order 2n. By Sec. 1.32, the determinant D equals the product of the deter-
minants of the matrices

an arn an but
A= , , , B= '. . ,

an! I I I anri bnl. I I I bun

so that
D = det A det B. (22)
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But there is another way of evaluating D. Using the elements —1 in the first
n rows and last n columns of D, we can make all the elements in the last n
rows and last n columns of D vanish. This is done by adding to the (n + l)st
row of D the first row multiplied by an, the second row multiplied by am, . . . ,
the nth row multiplied by am, then adding to the (n + 2)nd row of D the
first row multiplied by an, the second row multiplied by an, . . . , the nth
row multiplied by ah, and so on, until we finally arrive at the last (2nth) row.
This gives

bu bl, -1 0 --- 0
1;“ b,,, 0 -1 --- 0

bill bun 0 0 ' ' ' —1D =
bnan ‘l‘ 172131: + ' ' ' ‘l‘ bnlaln ' ' ' blnall + ' ' ' ‘l‘ brmarn 0 0 ' ' ' 0

1

17111121 + bnuzz -i" ' ' ' + bnlain ' ' ' bu-1121 -i" ' ' ' -i" bnnain 0 0 ' ' ' 0

bllanl + banana + ' ' ' + bnlann ‘ ' ' brnam + ‘ ‘ ‘ + bflflaflfl 0 0 ' ' ' 0

and hence, by Laplace’s theorem Sec. (1.81)

-1 0 0b11a11+"‘+bn1a1n"' b1na11+""l‘br-narn

0 —1 0 buau-i" -i" bmazn brnan-i" +bnna2n
D = (_1)1+z+~~ +2»

0 0 "1 b11an1+ +bn1ann b1nan1+ ""l‘bnnarm

aubu + ' ' ' + alnbnl ' ' ' allbln ‘l‘ ' ' ' ‘l‘ alnbnn

= anbn + ' ' ' + a2nbn1 ' ' ' anbrn + ' ' ' + aznbrm = det (AB). (23)

anlbll + ' ' ' + annbnl ' ' ’ anlbln + ' ' ' + aflflbnfl

Comparing (22) and (23), we get (21), thereby proving the theorem.

A square matrix A is said to be nonsingular if det A 7+ 0 and singular if
det A = 0. It follows from (21) that if the matrices A and B are nonsingular,
then so is the product matrix AB, while if at least one of the matrices A and
B is singular, then so is AB. These conclusions can also be deduced from
Theorem 4.65 and Corollary 4.67.

4.76. The inverse operator. In keeping with the definition given in Sec.
4.68, an operator B acting in a space X is called a left inverse of the operator
A acting in the same space X if

BA = E,

where E is the identity operator. The operator A is then called a right inverse
of the operator B.
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a. It is possible for an operator A to have many left inverses and no
right inverses at all (see Problems 25 and 26) or, conversely, many right
inverses and no left inverses at all. However, suppose A has both a left inverse
P and a right inverse Q, so that

P = PE = P(AQ) = (PA)Q = EQ = Q.

Fixing Q, we see that every left inverse coincides with P and hence is uniquely
determined. In just the same way, the right inverse Q is uniquely determined
under these circumstances. The uniquely determined operator P = Q, which
is simultaneously both a left and a right inverse of the operator A, is called
the inverse of the operator A and is denoted by A"1. The operator A itself,
with the inverse Ar‘, is said to be invertible (or nonsingular).

b. Let A be an operator acting in an n-dimensional space X = K”, and
let A be the matrix ofA in some fixed basis el, . . . , en. Then either det A 96 0
or detA = 0. In the first case, the rank of the matrix A equals n and it
follows from Theorem 4.69b that A has both a left and a right inverse.
Correspondingly, the operator A then has both a left and a right inverse, and
hence is invertible. However, if det A = 0, then, by Theorem 4.69b again,
the matrix A has neither a left nor a right inverse, and hence the operator A
acting in K” has neither a left nor a right inverse.

4.77. The matrix of the inverse operator. Let A be an invertible operator
acting in an n-dimensional space X, and let B = A“‘ be its inverse. Choosing
a basis e1,.. . , en, let A = llafill and B = ||b§."’|l be the matrices of the
operators A and B in this basis.

We now find an explicit formula for the elements bi.” in terms of the
elements a§"’. Fixing the row number i, we use formula (8), p. 85 to write
down expressions for the elements of the ith row of the matrix BA = E :

<1» (1) <2» (1) . . . < > <1» ‘bi a1 +b,» a2 + +b,»”an ~O,

b£1)a;i) + bgliaéi) + . . . + btfmagii Z 1’

b‘(1)a{n) + btfihaéni + . . . + bttmatnm :

The unknowns bi“, . . . , bi?” can be determined from this system of equations
by using Cramer’s rule (Sec. 1.73), since det A qé 0 by hypothesis. Expanding
the determinant in the numerator of the resulting expression for bi” with
respect to the jth column, we get

bm _ Ai“ (24)
' det A ’

where Ag.“ is the cofactor of the element a2" in the matrix A. In words, the
element bf.” of the inverse matrix A“1 equals the ratio of the cofactor of the
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element aj.” of the original matrix A to the determinant of A. Thus we have
proved the following.

THEOREM. Every nonsingular matrix A : Ila:/ll! has a unique inverse
matrix B = llbylll such that

AB I BA = E.

The elements of the matrix B are given by formula (24).

4.78. Let Ar‘ be the inverse of the operator A, as in Sec. 4.76a. Then by
A"‘ we mean the operator (A’1)". It is easily proved by induction that
formula (20) continues to hold for negative powers. Powers of the inverse
matrix are defined in just the same way, and then the validity of the formula

A"'+" = A'"A" (m,n = 1, 2, . . .)
for negative powers of matrices is an immediate consequence of the validity
of (20) for negative powers of operators.

4.8. Invariant Subspaces
4.81. Given a linear operator A acting in a linear space K, we say that a

subspace K’ C K is invariant with respect to (or under) A if x e K’ implies
Ax e K’. In particular, the trivial subspaces, i.e., the whole space and the
space whose only element is the zero vector, are invariant with respect to every
linear operator. Naturally, we will be interested only in nontrivial invariant
subspaces.

4.82. The linear operators given in the examples of Sec. 4.72 will now
be examined from this point of view.

a-c. Every subspace is invariant with respect to the operators of Examples
4.72a-c (the zero operator, the identity operator, and the similarity operator).

d. The rotation operator in the plane (Example 4.72d) has no nontrivial
invariant subspaces, unless the angle of rotation equals m~rc where m is an
integer (in which case, every one-dimensional subspace is invariant).

e. The projection operator (Example 4.72e) has the following invariant
subspaces (among others): The subspace K’ of vectors

m

x :2 gkek
k=1

which remain unchanged and the subspace K” of vectors
7|.

Y Z 2 great
. . . k=m+1

which are carried mto zero.
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f. Every subspace spanned by some of the basis vectors e1,e2, . . . , en
is invariant under a diagonal operator (Example 4.72f).

4.83. Suppose an operator A acting in an n-dimensional space K” has an
invariant m-dimensional subspace Km. Choose a basis e1,...,e,, for K”
such that the first m vectors el, . . . , em lie in Km. Then

Aer = a§"@. + ' ' ' + a£i’@.,.,

Aem Z almiel + i i i + ainmiems

and hence the matrix of the operator A is of the form

ail» ... ajmi a;m'I-ll ... apt»

aw ax») a£nm+1> ago

A: 250 0 argj-11> atysll ()

0 0 a2m+1I ajni

in the given basis. Note that all the elements in the first m columns of this
matrix vanish if they appear in rows m + 1 through n. Conversely, if the
matrix of an operator A is of the form (25), then the subspace spanned by
the vectors el, . . . , em is invariant under A.

4.84. Suppose the space K" can be represented as a direct sum of in-
variant subspaces E, F, . .. ,H (see Sec. 2.45), and choose a basis for K"
such that the vectors

el,... ,e, lieinE,
f,,...,f, lieinF,

hl, . .. ,hu lie in H.

Then the matrix of the operator A has the quasi-diagonal form

Afei

, (26)



I08 LINEAR FUNCTIONS or A VECTOR ARGUMENT CHAP. 4

where the square matrices AM, Am, . . . , Am, along the diagonal are made
up of elements ai”, bill, . . . , dill in accordance with the formulas1'

T

_ I‘)Ae,- ~ Z a,’ e,»,
=1.~.

Afr Z Elbinfi,

Ah, = i d.<"h..
t 1

while all the elements outside the matrices A(B), Am, . . . , Am, vanish.
Conversely, if the matrix of an operator A is of the form (26) in some basis,
then the space K,, can be represented as the direct sum of the invariant
subspaces spanned by the corresponding groups of basis vectors.

4.9. Eigenvectors and Eigenvalues

4.91. A special role is played by the one-dimensional invariant subspaces
of a given operator A; they are also called invariant directions (or eigenrays).
Every (nonzero) vector belonging to a one-dimensional invariant subspace
of the operator A is called an eigenvector of A. In other words, a vector
x qé 0 is called an eigenvector of the operator A if A carries x into a collinear
vector, i.e., if

Ax = Ax.

The number 7. appearing in (27) is called the eigenvalue (or characteristic
value) of the operator A, corresponding to the eigenvector x.

4.92. We now reexamine the examples of Sec. 4.72 from this standpoint.

a-c. In Examples 4.72a~c, every nonzero vector of the space is an eigen-
vector and the corresponding eigenvalues 0, 1, 7..

d. The rotation operator (Example 4.72d) has no eigenvectors unless the
angle of rotation equals mir where m is an integer.

e. The projection operator (Example 4.72e) has eigenvectors of the form
m

X = Z £1.31;
k=1

and
7|

J’ = 2 geek’
k=1ri+1

T Cf. formula (18), p. 98.
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with corresponding eigenvalues l and 0. It can be verified that the projection
operator has no other eigenvectors.

f. The diagonal operator (Example 4.72f) by its very definition has the
eigenvectors el, e2, . . . , e,, with corresponding eigenvalues 7.1, 7.2, . . . , 7.,,.

4.93. Next we prove two simple properties of eigenvectors.

a. LEMMA. Given an operator A with eigenvectors xl, x2, . . . , xm and
corresponding eigenvalues 7.1, 7.2, . . . , 7.,,,, suppose 7.,» 96 7., whenever i #1’.
Then the eigenvectors xl, x2, . . . , x,,, are linearly independent.

Proof. We prove this assertion by induction on the integer m. Obviously,
the lemma is true for m = l. Assuming that the lemma is true for any m — l
eigenvectors of the operator A, we now show that it remains true for any m
eigenvectors of A. In fact, assume to the contrary that x1,x2, . . . ,x,,, are
linearly dependent, so that there is a linear relation

al-x1‘I_ a2-x2‘I_ + amxmzo

between the eigenvectors xl, x2, . . . , xm, with oi, 7+ 0, say. Applying the
operator A to this relation, we get

oi17.1x1 —I— oi27.2x2 —‘,— ~ ~ ~ —I— oim7.mxm = 0.

Multiplying the first equation by 7.," and then subtracting it from the second
equation, we find that

M1()\1 —~ 7.,,,)x, + oz2(7.2 —~ 7.m)x2 , oi,,,_1(7.,,,_1 —~ 7.m)xm_1 = 0,

which by the induction hypothesis implies that all the coefficients

110.1 —~ km), oz2(7.2 —~ hm), . . . , 0i,,,_1(7.,,,_1 - 7.,,,)

vanish, in particular that
01.0. " Am) = 0,

contrary to the assumption that M1 qé 0, 7.1 qé 7.,,,. This contradiction shows
that the eigenvectors xl, x2, . . . , x,,, must be linearly independent. I

In particular, a linear operator A acting in an n-dimensional space cannot
have more than n eigenvectors with distinct eigenvalues.

b. LEMMA. The eigenvectors of a linear operator A corresponding to a
given eigenvalue 7. span a subspace Km C K.

Proof. If
Ax! = 7.x1, Ax, = 7.x.z,

then

A(oix1 + I-3x2) a.Ax1 + §Ax2 = oi7.x1 + I-}7.x2 = 7.(oix1 + j-3x2). |
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The subspace Kl“ is called the eigenspace (or characteristic space) of the
operator A, corresponding to the eigenvalue 7..

4.94. Next we show how to calculate the components of the eigenvectors
of an operator A, where A is specified by its matrix in some basis el, e0, . . . , e,,
of the space K0. Suppose the vector

n

x Z 2 £1.91.k=1
is an eigenvector of A, so that

Ax = 7.x (27)

for some 7.. Using (5), p. 80, we can write (27) in component form as

a§"€. + a§”£. + - - - + a‘."’€.. = kit
a;"€. + a;”£. + - -- + a;"’€.. = iii,

¢1§."E. + ¢1‘..”€2 + "' + ¢1§."’?m = 75..
or

(a£" — mi. + a‘.”£. + - - - + a§"’£.. = 0,
a;"£. + 01;” — iii. + - -~ + a;"’E.. = 0,

. . . . . . . . . . . . . . . . . . . . . . . . . . . . . (23)

a‘.."£. + a‘..”£. + - -- + (a§."’ — Mi. = 0-
This homogeneous system of equations in the unknowns Z1, Z2, . . . , Z”
has a nontrivial solution if and only ifits determinant vanishes (see Sec. 3.22):

iii <2» . . < ia1 — 7. a1 a1"
aéll aéll __ A . . agfll

A(7.) E j j j = 0. (29)
a(n1i alnli ... ago _ X

The polynomial A(7.) of degree n in 7. is called the characteristic polynomial
of the matrix A.1' To each of its roots 7.0 e Kthere corresponds an eigenvector
of the operator A obtained by substituting 7.0 for 7. in (28) and then solving
the resulting compatible system for the quantities Z1, 2,0, . . . , in. Moreover,
7.0 is obviously the eigenvalue corresponding to this eigenvector. In particular,
it follows that although the matrix of the operator A depends on the choice
of the basis el, e0, . . . , en, the roots of the characteristic polynomial of the

T Correspondingly, equation (29) itself is called the characteristic equation of A.
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matrix no longer depend on the choice of basis. We will discuss this matter
further in Sec. 5.53.

4.95. We now study the various possibilities which can occur in solving
the characteristic equation (29).

a. The case of no roots in the field K. If equation (29) has no roots at all
in the field K, then the linear operator A has no eigenvectors in the space Kn.
For example, as already noted, the rotation operator in the plane V2
corresponding to rotation through an angle

<90¢m"rc (m=0,il,i2,...) (30)

has no eigenvectors. This fact, which is geometrically obvious, is easily
proved algebraically. Indeed, for the rotation operator, equation (29) takes
the form

cos <90 — 7. -sin <90 _ 0

sin <90 cos <90 — 7.

(see Example 4.72d), which becomes

l—27.cos<90+7.’=0

after calculating the determinant. But this equation has no real roots if (30)
holds.

b. If K = C is the field of complex numbers, then by the fundamental
theorem of algebra, equation (29) always has a root 7.0 eK. Thus in the
space C,, every linear operator has at least one eigenvector.

c. The case of n distinct roots. If all n roots of equation (29) lie in the
field K and are distinct, we can find n distinct eigenvectors of the operator A
in the space K" by solving the system (28) for 7. = 7.1, 7.0, . .. , 7.,, in turn.
By Lemma 4.93a, the eigenvectors f1,f0,... ,f,, so obtained are linearly
independent. Choosing them as a new basis, we can construct the matrix of
the operator A in this basis. Since

Aft Z Mfr,

Afz Z hzfi,

Aft = Mfn,
the matrix Am has the form

M () . . . ()

0 7. 02 . (31)
0 0 M
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Recalling the definition of a diagonalizable operator (see Example 4.72f),
we can formulate this result as follows: Let A be an operator in the space K",
whose matrix (in any basis) has a characteristic polynomial with n distinct
roots in the field K. Then A is diagonalizable. The matrix of A in the basis
consisting of its eigenvectors is diagonal, with diagonal elements equal to the
eigenvalues of A.

d. On the other hand, if the operator A has a diagonal matrix of the
form (31) in some basis f1,j0, . . . ,f,, of the space K” with arbitrary, not
necessarily distinct numbers 7.1, 7.0, . . . , 7.,, along the diagonal, then the
vectors f1,f0, . . . ,f,, are eigenvectors of A and the numbers 7.1, 7.0,. . . , 7."
are the corresponding eigenvalues.

To see that A has no eigenvalues other than 7.1, 7.0, . . . , 7.0, suppose 7. is
an eigenvalue of A corresponding to the eigenvector

f = hf.»

so that Af = 7.f. Then, comparing coefiicients off,» in the equations

Af= iw.» = B.M.»,

if = i ii.-ft = mt.-,
we get

7.8,» = 7.0;-3, (i = 1, 2,... , n). (32)

But at least one of the numbers {-31, {-30, . . . , 8” is nonzero, say 81 #0.
Thus, choosing i = l in (32), we find that 7. _ 7.1, i.e., 7. is already one of the
numbers 7.1, 7.0, . .. , 7.”.

e. The case of multiple roots. Let 7. = 7.0 be a root of multiplicity r > 1
of the characteristic equation (29). The following question then arises:
What is the dimension of the corresponding eigenspace KW’, or in other
words, how many linearly independent solutions does the system (28) have
for 7. = 7.0? This question can be answered exactly from a knowledge of the
rank of the matrix of the system (28), but we would like an answer which
involves only the multiplicity r of the root 7.0.

In Examples 4.72a—c and 4.72e, it is easily verified that the dimension of
each eigenspace KW’ is the same as the multiplicity of 7.0 as a root of the
characteristic equation of the given operator. However, this is not true in
general. For example, let A be the operator in R0 with matrix

7.0 0
A = ,

PL 7\0
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where it 96 0 is arbitrary. Here the characteristic polynomial is (7.0 — 7.)’
and has a double root 7. = 7.0. Correspondingly, the system (28) takes the
form

0'€1‘l“0'€2=0,

=0,I J“r- -I"3 J“ to

which, to within a numerical factor, has the unique solution

£1 = 0, £2 Z 1-

Thus the eigenspace of the operator A corresponding to the eigenvalue 7.0
has dimension 1, which is less than the multiplicity of the root 7.0.

It can be shown that in the general case the dimension of the eigenspace
KW" does not exceed the multiplicity of the root 7.0 (see Chapter 5, Problem 7).
A complete solution to the problem of finding the dimension of the space
KW’ for the case K = C will be given in Chapter 6, after showing how to
determine the “canonical form” of the matrix of the given operator.

PROBLEMS

1. After defining in a natural way addition of linear forms and multiplication
of a linear form by a real number, construct a new linear space K* consisting of
all the linear forms defined on some linear space K. If the dimension of the space
K is n, what is the dimension of the space K* ?

2. Which of the following vector functions defined on the space V0 are linear
operators:

a) Ax = x + a (a is a fixed nonzero vector);
b) Ax = a;
c) Ax = (11, x)a;i‘
d) Ax = (a, x)x;
e) Ax = (if, E0 + E3, ii), where x = (E1, E0, E0);
f) Ax = (sin 6,1, cos E0, O);
g) Ax = (2E»1 _ Eat, éz ‘l‘ éa, Eu)?

3. Consider the following operations in the space of all polynomials in t:
a) Multiplication by t;
b) Multiplicati0n by :2;
c) Differentiation.

Are these linear operators?
4. Suppose the operator A defined on V0 carries the vectors

xi. =(0,°,1), xi = (0,1,1), Xi =(1,1,1)

T Here (a, x) denotes the usual scalar product of the vectors a and x, i.e., the number
equal to the product of the lengths of the vectors and the cosine of the angle between them.
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into the vectors
)/1 = (2. 3, 5), )/2 = (1, 0,0), )/a =(0,1, -1)-

Form the matrix of A in the following basw:
a) e1 = (1, 0,0), e0 =(0,1, 0), e0 = (0, 0,1);
bl X1, x2, xe-

5. In three-dimensional space let A denote the operator corresponding to
rotation through 90° about the axis OX (taking O Y into OZ), let B denote the
operator corresponding to rotation through 90° about the axis O Y (taking OZ
into OX), and let C denote the operator corresponding to rotation through 90°
about OZ (taking OX into O Y). Show that

A4 - B4 = C4 = E, AB eh BA, AQB2 = B2A2.
Is the relation ABAB = A2B2 valid?

6. In the space of all polynomials in t, let A denote the differentiation operator
and let B denote the operator corresponding to multiplication by the independent
variable t, so that

AP(r) - P’(t), BP(r) - rP(t).
Is the relation AB - BA valid? Find the operator AB — BA.

7. Assuming that AB - BA, prove the formulas

(A + B)? = A’ + 2AB + B2,
(A + B)3 = A3 + 3A2B + 3AB’ + B3.

How must thme formulas be changed if AB 95 BA?
8. Assuming that AB — BA = E, prove the formula

A’"B — BA"‘ = mA'"“‘ (m = l, 2, . . .).

9. Find the dimension of the linear space Kjf of all linear operators mapping an
n-dimensional space K0 intO an m-dimensional space Km, and construct a basis
fOr K2".

10. Find the product AB ofthe matrices A and B, where
I 1 2 3 -1 -2 -4

A = 2 4 6 , B I -1 -2 -4 .

3 6 9 1 2 4
11. Raise the following matrices to the nth power:

l 1 cos <9 -sin <9
A I , B I .

0 1 sin <9 cos =9
12. Find all matrices A oforder two satisfying the condition

00
A2= .00
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13. Calculate AB - BA where

1 2 2 4 1 1

a) A=212, B=H-420;
1 2 3 1 2 1

2 1 0 3 1 -2

b) A=N 112 , B-1} 3 -2 4 .

-1 2 1 -3 5 -1

14. The sum a11 + - ' ' + am of the diagonal elements of a matrix A = ||a,»;,ll
is called the trace of A, denoted by tr A. Prove that

tr(A +3) =trA +trB,
tr (AB) = tr (BA).

15. Prove that the formula AB — BA = E is impossible for operators A and B
acting on an n-dimensional space K0.

Comment. The result of Problem 6 shows that the assumption that the space
K0 is finite-dimensional plays an essential rOle here.

16. Given a square matrix C of order two such that tr C = 0 (cf. Problem 14),
show that C can be represented in the form

C = AB - BA

where A and B are (unknown) matrices of order two.

17. Let

X; = Ewe» (/=1,2, ,m). , _ . . .
i=1

be m linearly independent vectors in an n-dimensional space, and let A be the
operator defined on the linear manifold L(x1, x0, . . . , x,,,) such that

m 0 .
y,»=Ax,-=Za§€’lx;, (]=l,2,...,m).

k=1

Show that every minor of order m of the matrix made up of the components
ofy,- (with respect to the basis e1, e0, . . . , en) equals the product of det ||a§j"||
with the corresponding minor of the matrix made up of the components of the
vectors x,-.

18. Show that if the basis minor of a matrix of rank r appears in the upper
left-hand corner, then the ratio of any minOr M of order r to the minor appearing
in the same columns as M but in the first r rows depends only on the column
indices of the minor M.
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19. Show that if A is a matrix of rank r, then any seoond-order determinant of
the form

M§1.§z.. fr Mi1.i2.....ir
£1.12.“-Jr k1.kz..--.kr

I

k1.kii.----kr kl-k2,...-krMt...-,.....i. Mk1.kz..._.kr
consisting of minors of order r of the matrix A, vanishes.

20. Show that every minor oforder k ofthe matrix ABCequals a sum ofproducts
ofcertain minors of order k of the matrices A, B and C.

21. Find the inverses of the following matrices:

léié
12-3

12 -%%—%—%,4: ,B=0i 2, c= -
25 O01 %—%%—%

-e-atT
22. Prove that

<A')** = <A"*>'
for any nonsingular matrix A.

23. Find all solutions of the equation XA = O, where A is a given second-order
matrix, X is an unknown second-order matrix and 0 is the zero matrix (the
matrix all of whose elements vanish).

24. Let A = Ila)” || be any square matrix oforder n, and let A)” be the cofactor
of the element ai.” in the determinant of A. The matrix A - ||A§"l ll is called the
adjugate of the matrix A. Prove that

AA = AA = (detA)E.
25. In the space of all polynomials in the variable t, consider the operators A
and B defined by the relations

A[o0 + a1t + ' ' ' + o,1t"] = a1 + a0t + " ' + a,,t”"1,
B[a0 + a1t + - -- + a,,t"] - a0t + a1t2 + --- + a,,t"+1.

Show that A and B are linear operators and that

AB = E, BA ¢ E.

Does the operator A have an inverse?

26. Show that the operator B of Problem 25 has infinitely many left inverses.

27. Prove that if A is a nonsingular linear operator acting in an n-dimensional
linear space, then every subspace invariant under A is also invariant under A“1.

28. Prove that if the linear operators A and B commute (i.e., if AB = BA),
then every eigenspace of the operator A is an invariant subspace of the
operator B.
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29. Prove that if a direct sum (Sec. 2.45) of eigenspaces of an operator A
coincidm with the whole space K and if each eigenspace of the operator A is
invariant under an operator B, then A and B commute.

30. Let x and y be eigenvectors of the operator A corresponding to distinct
eigenvalues. Show that ax + By (ac 7E 0, I5 94 0) cannot be an eigenvector of A.

31. Prove that if every vector of the space K is an eigenvector of the operator A,
then A = 7.E (x e K).
32. Prove that if the linear operator A commutm with all linear operators acting
in the given space, then A - 7.E.

33. Let the linear operator A have the eigenvector e0, with eigenvalue 7.0. Show
that e0 is also an eigenvector of the operator A2, with eigenvalue 7.2.

34. Even if a linear operator A has no eigenvectors, the operator A2 may have
eigenvectors (e.g., the operator corrmponding to rotation through 90° in the
plane). Show that if the operator A2 has an eigenvector with a nonnegative
eigenvalue 7. = 9.2, then the operator A also has an eigenvector.

35. Find the eigenvalum and eigenvectors of the operators given by the following
matrices:

2 - 1 — 1 - 1 - 2 2

a) 0 -1 0 ; b) 0 1 0 ;

0 2 1 0 0 1

0 0 1 -1

-1 0 1 -1

0 0 0 0 '

0 0 0 1

2 -1 O

c) O 1 -1 ; d)

O 1 3

36. Verify the following facts:
a) The relation N(A) I> T(A) is necessary and sufiicient for the equality

A2 = 0 to hold;
b) N(A) C N(A2) C N(A3) C - - - for any operator A;
c) T(A) I> T(A2) I> T(A3) I> ~ - - for any operator A;
d) If T(A'"') I> N(A'"), then

T(A) C N<A’"+*-1), T<A"*"“"*> C N(A)-
37. Show that every linear operator A of rank r can be represented as the sum
of r linear operators of rank one.

38. Find all the invariant subspaces of a diagonal operator with n distinct
diagonal elements, and show that there are 2" such subspaces.



chapter 5

COORDINATE
TRANSFORMATIONS

As is well known, in solving geometric problems by the methods of
analytic geometry a very important role is played by the proper choice of a
coordinate system. Proper choice of a coordinate system also plays a very
important role in a much wider class of problems connected with the geometry
of n-dimensional linear spaces. This chapter is devoted to a study of the
rules governing coordinate transformations in n-dimensional spaces. In
particular, the results obtained here are fundamental for the classification
of quadratic forms which will be made in Chapter 7.

5.l. Transformation to a New Basis

5.11. Let
{e} = {e1, e0, . . . ,e,}

be a basis in an n-dimensional space K", and let

If} Z {fI~>.f21 ~ ~ ' Jfll}

be another basis in the same space. The vectors of the system {f} are
uniquely determined by their expansions in terms of the vectors of the
original basis:

ft = i>1"e. + i>§=“e2 + - " + i>i."@.,
f2 = i>1"’et + 111% + ' " + 115%., (1)

_ I I I I 7fn Z P1” er ‘I" Pzniez + I P71" en!

II8
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or, more concisely,

f.~=Zi>.""@.- (]=I,2>---,")- (2)
¢=.1

The coefiicients pi” (i,j = l, 2, . . . , n) in (l) and (2) define a matrix

pp) pp) . .. ppm

Pzupi,-0!: iv?’ iv?’ 111"’

is." ii?’ --- Pl.“
called the matrix of the transformation from the basis {e} to the basis {f}.
As was done previously in similar cases (Sec. 4.2 ff.), we write the components
ofthe vectorsf, (with respect to the basis {e}) as the columns of the matrix P.
By the same token, the formulas (1) together with the matrix P specify a
corresponding linear operator P, defined by the relations f,- = Pe,»
(i —- l, 2, . .. ,n) and called the operator of the transformation from the
basis {e} to the basis {f}.

The determinant D of the matrix P is nonvanishing, since otherwise the
columns ofP, and hence the vectorsf1,f0, . . . ,fn, would be linearly dependent
(Sec. 3.l2a). A matrix with a nonvanishing determinant is said to be non-
singular (recall Sec. 4.75). Thus the transformation from one basis of the
n-dimensional space Kn to another basis is always accomplished by using a
nonsingular matrix.

5.12. Conversely, let {e} I {e1, e0, . . . ,e,,} be a given basis of the
space Kn, and let P = |lp§"’|I be a nonsingular matrix of order n. Using the
equations (1), construct the system of vectors f1,f0, . . . ,fn. It is clear that
these vectors are linearly independent, since the columns of every non-
singular matrix are linearly independent (Sec. 3.l2a). Consequently, the
vectors f1,f0, . . . ,f,, form a new basis for the space K0. Thus every non-
singular matrix P : |lp§”|l determines via (1) a transformation from one basis
of the n-dimensional space Kn to another basis.

5.13. Next we note a particular case of a transformation to a new basis,
i.e., the case where every vectorfk is just the corresponding vector ek multiplied
by a number 7.1 71% 0 (k : 1, 2, . . . , n). Then the equations (1) take the form

fr Z A131,
./pz Z A262»

f,, : 7.ne,,,
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and the matrix P has the diagonal form
711 Q . . . Q

P = .
0 )\2 . . . 0

0 0 7.,,
In particular, for 7.1 = 7.0 = - - - : 7." = 1, we obtain the matrix of the
identity transformation, namely the unit matrix

E:

(the original basis is not changed by the identity transformation).

5.2. Consecutive Transformations
5.21. Let P : ||p§”’|| be the matrix of the transformation from the basis

{e} 2 {eh e2» - - - a en}

If} 2 {fl-’.f21 - - - 7f’Vl}9

and let Q = ||q§.’°’|| be the matrix of the transformation from the basis {f}
to the basis

to the basis

{g} I {g1,g2. - - - ,gi}-
We now determine the matrix of the transformation from the basis {e}
directly to the basis {g}. By (2), the formula for transforming from the basis
{e} to the basis {f} is

f,~:2pf»"’e,» (j:-1,2,...,n), (4)
i=1

while that for transforming from the basis {f} to the basis {g} is

g, :2q‘,"’f, (k = 1, 2, . . . , VI). (5)
j=1

Substituting (4) into (5), we obtain

gt I 112"’ Z i>$”@.-
i=1 i=1

: ( p;*"qg’=’)@, (1. = 1, 2, . . . , n). (6)
'=1 j=1.~
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On the other hand, if T : ||t§."l|| denotes the matrix of the transformation
from the basis {e} to the basis {g}, we can write

g,.-Z11.‘-’"e.» (/<-1,2,---,n) <1)
Comparison of (6) and (7) gives

i,<’"’ =§p,<*'*q;’" (i,k : 1, 2, . . ., n). (8)
;=1

Recalling formula (8), p. 85 (where the choice of indices is somewhat
difierent, but not their role), we find that the desired matrix T is the product
PQ of the matrices P and Q.

5.22. Consider the following special case of consecutive transformations.
Since the matrix P is nonsingular, the system of equations (l) can be solved
for the vectors e1, e0, . . . , e,,. The resulting system of equations

e. I q‘."f. + q§"f2 + - " " + q‘.."i‘.,
32 Z qllzlfl + q‘22’f2 + ' ' ' + q?if7i1

. . . . . . . . . . . . . . . . . . . . . . . . (9)

e. - q1"‘f. + qt“/2 + - - - + q‘."’f.
obviously determines the transformation from the basis {f} to the basis {e}.
The consecutive transformation from the basis {e} to the basis {f} by using
the matrix P and then from the basis {f} to the basis {e} by using the matrix
Q : ||q§-kl 1| is equivalent to the transformation from the basis {e} to itself, i.e.,
to the identity transformation with unit matrix (3).

5.3. Transformation of the Components of a Vector

5.31. Let {e} : {e1, e0, . .. , en} and {f} : {f1,f0, . . . ,f,,} be two bases
in an n-dimensional linear space K". Any"vector x 6 K, has the expansions

XZ€1e1"I‘€2e2'I""‘I‘€nenZ7l1f1‘I‘7l2j2‘I""‘I"/infl,» (I0)

where Z1, Z0, . . . , Z, are the components of the vector x with respect to the
basis {e} and 111, -q0, . . . , T1,, are its components with respect to the basis
{ We now show how to calculate the components of the vector x with
respect to the basis {f} in terms of its components with respect to the basis
{6}-

Suppose we are given the matrix P = |lp§.’l|| of the transformation from
the basis {e} to the basis {f}. Then the vectors {e} are given in terms of the
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vectors {f} by (9) or, more briefly, by

e,»IZq§."’f,. (/<I1.2....,»), (11)
k-=1

where the matrix Q I I|q§j’ II is the inverse of the matrix P. Substituting (l l)
into the expansion (l0), we get

X Z i ate; Z illitfit Z i1E,~<ki1 qitjlfit) :ki1<fi1qi.j)§,')fi.-
j=1 . k=1 ;'= = = =

It follows by the uniqueness of the expansion of the vector x with respect to
the basis {f} that

71» Zzlqi.-Hit (k : 1, 2, - - - » '1)» (12),=
or, in expanded form

>11: ii’ 21+ q‘.”z. + - -- + q‘."’z.,
712 Z q2UE>1 I 11952 ‘l‘ ' ' ' + qllnlznfl

Y1. I q‘.."€. + qfii + - - - + q‘.."’€.-
Thus the components of the vector x with respect to the basis {f} are linear
combinations of the components of the vector x with respect to the basis {e};
the coeflicients of these linear combinationsform a matrix which is the transpose
of the matrix of the transformation from the basis {f} to the basis {e}, i.e.,
the transpose of the inverse of the matrix P. Denoting the inverse of the matrix
P by P-1 and the transpose of a matrix by a prime, we find that the matrix S
describing the transformation from the components Z1, Z0, . . . , E0 to the
components 1,1, 110, . . . , 11,, is given by

S I (P"‘)’.

5.32. The converse proposition is also valid:

THEOREM. Let Z1, Z0, . . . , in be the components of an arbitrary vector x
with respect to the basis {e} I {e1, e0, . . . , en} of the n-dimensional space
K0, and let the quantities ~q1, 110, . . . , T1,, be defined by the formulas

711 Z Sitar I 512€2 -I‘ ' ' ' I Slnina

712 Z 521€1 ‘l‘ 522€2 ‘l‘ ' ' ' + S2n€n9

7141 Z 3.1151 + Sn2E2 + i i i + Swain.

where det ||s,-,,l| ¢ 0. Then a new basis {f} I {f1,f0, . . . ,fn} can befound in
the space K" such that the numbers 1,1, 110, . . . , 11,, are the components of the
vector x with respect to the basis {f}.
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Proof. Introduce the matrix S I IIS,-kll and the matrix P I (S’)"‘ with
elements denoted by pi”. Substituting these elements into the formulas (l),
we get a new basis {f} I {f1,f0, . . . ,f,,}. We assert that this is the desired
basis. In fact, consider the transformation formulas (12), which give the
components of the vector x with respect to the new basis. As we have seen,
these formulas can be written in terms of the matrix (P"‘)’. But in the
present case, (P-1)’ coincides with S, since

(P-1)’ I ([(S’)"‘l"‘)’ I <s'>' I s.
Hence, given any vector x, the quantities 111, 110, . . . , 11,, are just the com-
ponents of x with respect to the basis {f}. I

5.33. Just as in Sec. 5.21, we can construct the matrix corresponding to
consecutive transformations of the components of a vector. Let Z1, Z0, . . . ,
Z, be the components of the vector x with respect to the basis {e}, and let
the quantities 111, 110, . . . , 11,, and T1, T0, . . . , T" be defined by the equations

1t

Ylizipiigi (/.2122,---an),
i=1

’fl

TkZZqk;’/I; (/(Z112,---1"),
j=1

respectively, where the matrices P I ||p,~,-l| and Q I Ilqk,-1| are nonsingular.
Then, just as before, we can express the quantities T1, T0, . . . , T" directly
in terms of the quantities Z1, Z0, . . . , in by the formulas

Tu Z <E1qlcipi'i) it Z Eltkizi (k Z 1, 21- --1 ll),
= ,= ,=

where the quantities tk, (i, k I l, 2, . . . , n) form a matrix T equal to the
product QP of the matrices Q and P.

-

5.4. Transformation of the Coefficients of a Linear Form

Let L(x) be a linear form defined on a space Kn. As we saw in Sec. 4.1,
if a basis {e} I {e1, e0, . . . , en} is chosen in K0, then the values of L(x) can
be calculated from the formula

I-(X) I Xltit,
k=1

where Z1 (k I l, 2, . . . , n) are the components of the vector x with respect
to the basis {e}, and the coefiicients I1 are given by

l,,IL(e,,) (kIl,2,...,n).
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The coefiicients 1,, obviously depend on the choice of the basis {e}. We now
derive the rule governing the transformation of the coefficients of a linear
form when we go over to a new basis.

Suppose the formulas

rt

f, I §1i>£»”e.~ (I I 1, 2. . . . . to (13)
give the transformation from the basis {e} to the new basis {f}. We wish to
find the coefiicients of the linear form L(x) in the basis {f}. These coefiicients
are the numbers 7.1 I L(f,»), which can easily be found by using (l3):

At Z Mfr) Z Pij)L(@¢) Z Finle-
iI1 'l=1

Thus the coeflicients of a linear form transform in the same way as the basis
vectors themselves.

5.5. Transformation of the Matrix of a Linear Operator

5.51. Given a linear operator A in an n-dimensional space K", let A1,, I
||af-"II be the matrix of A in the basis {e} I {e1, e0, . . . ,e,,}, while Am I
I|af,”’|I is its matrix in the basis {f} I {f1,fi, . . . ,f,,}. Moreover, suppose
the transformation formulas from the basis {e} to the basis {f} have the form

ft IXPI-me,’ (/< I 1, Z, - - - , H), (14)
j=1

and let P denote the matrix ||p§."’||. We now find the relation between the
matrices A1,), A1,, and P.

The matrix A1,, is defined by the system of equations
1t

Ae, I Zlaijle,» (j I 1, 2,. . . , n), (15)

and the matrix A1,, by the system of equations

Afm I2ot;,'"’fk (m I 1, 2,. . ., n).
k=I

In the last equation, we use (l4) to replace the vectors fk by their expressions
in terms of the vectors e,-. The result is

Tl Tl Tl TlA/... I 211"" 2 tr». I 2 ( 211:-'=»=<;."~>)@..
k=1 i=1. i=1 k=1

after changing the index of summation fromj to i. Next we apply the operator
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A to both sides of (l4), changing k to m and using the expansion for Ae,
given by (15):

TI Tl

Afm Z A 2 Pimlei Z Z Pi'm)Aei
i=1 :l=1-

Tl Tl I TI TI V

I 2,121" 2 I Z:1= t= = =.~ 14 u.

Comparing coefficients of e, in the last two expansions, we find that

7' k) 1 1 W 1 1Xvi 11'" I Zl1£”i>/".
k=1. i=1

O1‘

P/1m Z A(t)P (I6)

in matrix form. This is the desired relation between the matrices Am, Am
and P. Multiplying on the left by the matrix P'1, we get the following
expression for the matrix Am:

Am I P‘1AmP.

5.52. It follows from (l6) and the theorem on the determinant of a product
of two matrices (Sec. 4.75) that

det P det Am I det Am det P,
or, since detP I 0,

det Am I det Am.

Thus the determinant of the matrix of an operator does not depend on the
choice of a basis in the space. Therefore we can talk about the determinant
of an operator, meaning thereby the determinant of the matrix of the operator
in any basis.

5.53. Besides the determinant, there exist other functions of the matrix
elements of an operator which remain unchanged under transformation to a
new basis. To construct such functions, consider the operator A I 7.E,
where 7. is a parameter. This operator obviously has the matrices Am I 7.E
and Am - 7.E in the bases {e} and {f}. By what was just proved, we have

det (Am - 7.E) I det (Am - 7.E)

for any 7.. Both sides of this equation are polynomials of degree n in 7.. Since
these polynomials are identically equal, they have the same coefficients for
any power of 7.. Hence these coefiicients, which are functions of the matrix
elements of the operator, are invariant under changes of basis.
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We now examine the nature of these functions. The determinant of the
matrix Am - 7.E has the form

a§1)__ )\ ail) _ _ _ agnl

agl) ag2) g X _ _ ago)

atnll atria) ___ 01111) _ AI

I (I1)"x" + A11"-1 + --- + A,,_1x + A,
It is an easy consequence of the definition of a determinant that the coefficient
A1 of 7."-1 equals the sum

0,111+ ag2>+____1_ ail”)

of the diagonal elements, taken with the sign (-l)”"‘:]' The coefficient A0
of 7.”"2 is the sum of all the principal minors of order 2, taken with the sign
(- l)"‘2.I Similarly, the coefficient A1 of 7."-"' is the sum of all the principal
minors of order k, taken with the sign (-l)""". Finally, the coefficient A"
of 7.°, i.e., the constant term, is obviously equal to just the determinant of the
operator. The polynomial det (Am — 7.E), which, as we have just seen, is
independent of the choice of basis, is called the characteristic polynomial of
the operator A.

*5.6. Tensors

5.61. The components of a vector, the coefficients of a linear form, the ele-
ments of the matrix of a linear operator, these are all examples of a general class
of geometric objects called tensors. Before giving the definition of a tensor, we
first revise and “rationalize” our notation somewhat. The basis vectors of an
n-dimensional space K, will be denoted, as before, by the symbols e1, e0, . . . ,
e, (with subscripts). The components of vectors, e.g., x and y, will be denoted
by Z1, Z2, . . . , Z” and 111, 112, . . . , 11" (with superscripts). The coefficients
of a linear form L(x) will be denoted by l1, I0, . . . , 1,, (with subscripts). The
matrix elements of a linear operator will be denoted by ajf, where the super-
script designates the row number and the subscript designates the column
number (in contradistinction to the notation adopted in Sec. 4.23). The
convenience of this arrangement of indices is determined by the following
summation convention: If we have a sum of terms such that the summation
index 1' (say) occurs twice in the general term, once as a superscript and once

T The sum :11‘) + 11$” + - ' - + 111,") is called the trace of the operator A (cf. Problem
14, p. 115). _ _ _

1 The minor is said to be a principal minor if i'1 Ij1_ 1', Ij0, . . . ,1‘. Ij,,.
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as a subscript, then we will omit tlie summation sign. For example, with our
convention, the expansion of the vector x with respect to the basis
{e1, e0, . . . , e,,} takes the form

x I Zie,

(although the summation sign is omitted, summation over i is implied). The
expression for a linear form L(x) in terms of the components of the vector x
and the coefficients of the form becomes

to-> I ta"
(summation over i is implied). The result of applying the operator A to the
basis vector e, takes the form

Ae, I afe,

(summation over j is implied). The components 11" of the vector Ax are
expressed in terms of the components of the vector x as follows:

1,.’ I H15’
(summation over i is implied).

We will denote quantities pertaining to a new coordinate system by the
same symbols as in the old coordinate system but with primes on the indices.
Thus we denote new basis vectors by e1,, e0», . . . , en», new components of a
vector x by Z1’, Z2’, . . . , 5"’, etc. The elements of the matrix of a trans-
formation from the basis e, to the basis e,-1 will be denoted by pf», so that

er I PM (17)
(summation over i is implied). The elements of the matrix of the inverse
transformation will be denoted by qf, i.e.,

ei Z qilelfl (18)

(summation over i’ is implied). The matrix is the inverse of the matrix
pi}; this can be expressed by writing

1 1,, {O for i Ij, (19)
pllql Z 1 for i Ij,

O1‘

0 for i’ Ij’,
Iii-l'1l4"Z i (20)

1 1 for i’ I j’.

To make the notation more concise, let 31' denote the quantity which depends
on the indices i andj in such a way that it equals 0 when the indices are
different and l when the indices are the same. Then we can write (19) in the
form

i>Z7'1i’.?'= $25 (21)
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and (20) in the form
P1413 ' I 313- (22)

5.62. To show the advantages of using our new notation, we derive once
again the formulas by which the components of a vector, the coefficients of a
linear form and the matrix elements of an operator transform in going over
to a new basis. Thus suppose we have a vector

. .1
x I Z‘e1 I Z‘e,».

Using (18) to replace e, by q,l'e,»» , we obtain

X Z Eiqi-lei’ Z fillet’,
which implies

2'" I qzit‘. <23)
since the e,.t form a basis. This is just the transformation formula for the
components of a vector.

Next suppose we have a linear form L(x). The numbers l,-, are defined
as usual by the relations I,» I L(e,»»). Using (l7) to substitute the expression
pfte, for e,.., we obtain

It’ Z L(Pi'@t) Z Pi'L(et) Z Pi'Ii,
so that

Ii’ : pi'liv

which is the desired formula.
Finally suppose we have an operator A. The elements of its matrix in

the new basis are defined by the relations

Ae,~ I afliey.

Using (17) to substitute p§,e, and p§,e, for the quantities e,-I and e,», we get

p,1»Ae, I aflpjfler

But Ae, I a§e1, so that the result is

pftafe, I a§.'p’,..e,.

Since the e,- are basis vectors, we have
I 1__ 1 :ip,..a, I a,-.p,...

To get of,’ on the right, we multiply both sides by q§" and sum over the index
j. Using the relation (22), we obtain

i>Z-H11-iii?’ I 11f5i>§3q’§' I 417313-
By the definition of the quantity 319:, the sum overj' reduces to the single



SEC. 5.6 TENsoRs I29

term corresponding to the value j’ Ik’. Then SQ: Il (no summation
implied) and we get

4'53 I 112741115} (25)
which is the desired formula.

It is not hard to verify that the three transformation formulas just
derived are the same as those derived earlier in the ordinary way (see Secs.
5.3-5.5). Formulas (23)I(25) have much in common. In the first place,
these formulas are linear in the transformed quantities. Secondly, the
coefficients in these formulas are elements of the matrix transforming the
old basis into the new basis or elements of the matrix of the inverse trans-
formation or, finally, elements of both matrices.

5.63. We are now in a position to give the definition of a tensor. Tensors
are divided into three classes, covariant, contravariant and mixed. Moreover,
every tensor has a definite order. We begin by defining a covariant tensor,
which, to be explicit, we take to have order three. Suppose there is a rule
which in every coordinate system of an n-dimensional space K, allows us to
construct n3 numbers (components) T111, each of which is specified by giving
the indices i, j, k definite values from l to n. By definition, these numbers
T111 form a covariant tensor of order three if in going to a new basis, the
quantities T,-1,, transform according to the formula

Z

A covariant tensor of any other order is defined similarly; a tensor of order
m has n’" components instead of n3 components, and in the transformation
formula there appear m factors of the form pf, instead of three factors. In
particular, the coefficients of a linear form, which transform by formula
(24), constitute a covariant tensor of order one.

Next we define a contravariant tensor of order three. Suppose we have
a rule which in every coordinate system allows us to construct n3 numbers
T12", each of which is specified by giving the indices i,j, k definite values from
l to n. By definition, these numbers T”? form a contravariant tensor of
order three if in going to a new basis, the quantities T92‘ transform according
to the formula

Ti'i'k' :

A contravariant tensor of any other order is defined similarly. In particular,
the components of a vector form a contravariant tensor of order one.

The terms “covariant” and “contravariant,” which have just been intro-
duced, are very simply explained. “Covariant” means “transforming in the
same way” as the basis vectors, i.e., by using the coefficients “Contra-
variant” means “transforming in the opposite direction,” i.e., by using the
coefficients
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There is still the case of mixed tensors to consider. For example, n3
numbers T,l“,., specified in every coordinate system, form a mixed tensor of
order three, with two covariant indices and one contravariant index, if in going
to a new basis, the quantities T1“, transform according to the formula

T131 I i>Z»i>§5»qI'Tl3~-
A mixed tensor with l covariant indices and m contravariant indices is de-
fined similarly. In particular, the elements of the matrix of a linear operator
form a mixed tensor of order two, with one covariant index and one contra-
variant index. Note the convenience of our arrangement of indices, which has
been deliberately chosen to indicate the character of any tensor at a glance.

5.64. Operations on tensors. We can define the operation of addition for
two tensors of the same structure, e.g., for two tensors T1‘, and Sf, (with two
covariant indices and one contravariant index). In this case, the sum is a
tensor Q1‘, of the same structure, defined as follows: In every coordinate
system, the component of Q1‘, with fixed indices i,j, k is the sum ofthe corre-
sponding components of T1‘, and The fact that the quantities Q1‘, actually
form a tensor, and indeed one of the same structure as T11‘, and Sj.“,_, is implied
by the following equality:

Q1-‘$1 I Ti‘/.~ + 5.-"7,-I I i>i»i>§3q't§'TlZ~ + i>Zi»i>§5»qi'§'-‘>‘l‘i
I i>Z'i1§'qI'(Tl‘,- + $13») I i>Z'i>}q'iY'Ql-‘,--

The operation of multiplication is applicable to tensors of any structure.
For example, let us multiply a tensor T1, by a tensor S,f. The result is a
tensor Q1”, of order four. ln any coordinate system its component with
fixed indices i,j, k, l is defined as equal to the product of the corresponding
components of the factors T0,» and The tensor character of Q§,., can be
verified as follows:

Qlflw I T.-».-»$i'.-'» I 11.-"»i>§3T.~.i>IY»1il'$I~I Pi'Pi'Pii'qi’7i"iSit I i>Z'»i>}3i>i'§»ql'Ql~n-
Next we consider still another operation called contraction. This opera-

tion can be applied to tensors which have at least one covariant index and
one contravariant index. For example, suppose we have a tensor To
contract T1‘, with respect to the superscript and the first subscript means to
form the quantity

Ti.
in every coordinate system. Here summation over the index i is implied;
as a result, the quantity T, I T1’; depends only on the index j. Contraction
of a tensor yields another tensor, whose order is tiro less than the order of the
original tensor. We verify this for the present example. We have

T.-1 I T27,-» I Pi'Pi'qiiTtki I (i>f»qi§)i>§3TZ‘. I $Zi>i¥Tl‘}--
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Here the summation over k reduces to only one term, corresponding to the
value k I i. Since Sf I l (no summation implied), we obtain

DIMUIMR
as required.

What is the result of contracting a mixed tensor Tf of order’ two with
respect to its two indices? The quantity T I T} no longer has even a single
index, i.e., in every coordinate system it consists of just one number. This
number is the same in every coordinate system, since

TIfi:¢%UIMfiIfiIr
Such a scalar quantity, which does not depend on the coordinate system, is
called an invariant. Thus, by contracting tensors, we can obtain invariants
of the tensors.

For example, if we contract the tensor af corresponding to the linear
operator A, the invariant ajl so obtained is the trace of the matrix of A, i.e.,
the sum of its diagonal elements. The invariance of this quantity has already
been proved in a different way in Sec. 5.53. As another example, the matrix
cf of the product of two operators with matrices a}, and b,l, respectively, is
the mixed second-order tensor obtained by contracting the fourth-order
tensor aibj. with respect to the indices k and l.

PROBLEMS

1. A vector x€K,, has components E1, £0, . . . , E, with respect to a basis
e1, e0, . . . ,e,,. How does one construct a new basis in K, such that the com-
ponents of x with respect to this basis equal l, O, . . . , O?

2. A basis e1, e0, . . . , e,, is chosen in an n-dimensional space K0. Show that
every subspace K’ C K, can be specified as the set of all vectors x 6 K,, whose
components (with respect to the basis e1, e0, . . . , en) satisfy a system of equations
of the form

II§o0eI0 0I1¢VA,n
G. >-

3 (Contiiiiiation). Show that every hyperplane H C K, can be specified as the
set of all vectors x 6 K, whose components (with respect to the basis e1, e0, . . . ,
e,,) satisfy a system of equations of the form

W v -Ea,-1;,-Ib, (iIl,2,...,k).
:1‘-—-I

4. Let the components of a vector in the plane be Z1, £0 with respect to one basis,
111, 1,0 with respect to another basis, and :1, -:0 with respect to a third basis.
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Suppose that
7l1 Z a11E»1 ‘l‘ (11252, 1'l2 Z a21E»1 ‘l‘ a22E»2,

71 Z 121151 ‘l‘ 121252, T2 Z 122151 ‘I‘ 122252,
/1 Z llaiill, B Z llbtill-

Express the components 11, 10 in terms of the components E1, E0.

5. Given a linear form L(x) ,.=é 0 in the space K0, find a basisf1,fi, . . . ,f,, such
that the relation

L(X) Z "I1
holds for every vector

X Z i Mfr.-
k=I

6. Let the operator A acting in an n-dimensional space R have a k-dimensional
invariant subspace R’. Then, temporarily regarding A as defined only in the
subspace R’, we can construct the characteristic polynomial of degree k for A.
Show that this polynomial is a factor of the characteristic polynomial of the
operator A acting in the whole space R.

7. Let 7. I 7.0 be an r-fold root of the equation det ||Am — 7.El| I 0. Show
that the dimension m of the eigenspace R121" of A corresponding to the root 7.0
does not exceed r.

8. Show that the quantity 81 is a second-order tensor, with one covariant
index and one contravariant index.

9. A set of quantities S,-1 is defined in every coordinate system as the solution of
the system of equations

T“"S.».- I ti.
where Til‘ is a contravariant tensor of order two and det l|T"‘|| I 0. Show that
S1, is a covariant tensor of order two.



chapter 6

THE CANONICAL
FORM OF THE MATRIX
OF A LINEAR
OPERATOR

Two operators A and B acting in an n-dimensional space K" are said to
be equivalent if there exist two bases in K" such that the matrix of the operator
A in the first basis coincides with the matrix of the operator B in the second
basis. Clearly, the “linear transformations” in K" corresponding to equivalent
operators have identical properties. But how can we decide whether or not
the operators A and B are equivalent by examining their matrices in the same
basis?

1n this chapter, starting from a given linear operator A in an n-dimensional
(real or complex) space, we will find a basis in which the matrix A of the
operator A has “canonical form,” i.e., a form which is the simplest possible
in a certain sense. This canonical form can be obtained directly from the
elements of the matrix of the operator A in any basis. Moreover, it turns
out that if the operators A and B are equivalent, then their matrices have the
same canonical form. Thus a necessary and sufficient condition for two
operators to be equivalent is that their canonical matrices coincide.

We begin our considerations by studying a special class of operators
(Sec. 6.1). The general case will be studied in Sec. 6.3.

6.l. Canonical Form of the Matrix ofa Nilpotent Operator

6.11. A linear operator B acting in an n-dimensional space Kn is said to
be nilpotent if B’ : 0 (i.e., if B'x = 0 for every x eK,,) for some positive

133
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integer r. Given a nilpotent operator B such that B’ = 0, we will assume that
B'“‘ ¢ 0, i.e., that there are vectors x GK" such that B'"‘x ¢ 0. By the
height of a vector x 6 K", we mean the smallest positive integer m for which
B’"x = 0. By hypothesis, every vector x e K" is of height <r, and there are
vectors of height equal to r. Given any k < r, let Hk denote the set of all
vectors of height <k. Obviously, Hk is a subspace of Kn. In fact, if x,
y e Hk, then Bkx = 0, Bky = 0 and hence B"(<xx + fly) : 0 for arbitrary ax,
{-3 e K, so that the height of the vector ax + fly does not exceed k, i.e., ocx +
fly e Hk. Moreover, it is obvious that H, = K" and thatT

{0}:Hoc Hlc "'c Hr—lc Hr:Kn-

Let mk denote the dimension of Hk, so that

O=m0<m1<---<m,==n.

Next we construct a basis in the space K" as follows: As we have seen,
H,_1 does not coincide with the whole space K" : H,. Therefore we can
find vectors fl, . . . , f1,‘ lying in H, and linearly independent over H,_1,
where pl : m, — m,_1 (see Sec. 2.44). The vectors Bfl, . . . , Bf,,_1 lie in
H,_1 and are linearly independent over H,_2. in fact, if we had

°‘1Bf1+"'+°‘p,Bfp,:geHr—2

then application of the operator B’-2 would give

a1B'_y1 + ' ' ' °i1|,B'Tlf11, : 0,
or equivalently

alfl + ' ' ' + °‘v,f1), G Hr~1,

which is impossible, by construction. It follows that the dimension m,_1 —
m,_2 of the space H,_1 over H,_2 (again see Sec. 2.44) is equal to or greater
than the dimension m, —— m,_1 of the space H, over H,_1. We now supplement
the vectors Bfl, . . . , Bfpl with vectors fwd, . . . ,f,,2 in H,_1 to make the
largest system which is linearly independent over H,_2 (p2 : m,_1 ~ m,_2).
Applying the operator B to all these vectors, we get vectors

B¥1, . . . , B%,1, Bfp1+1, . . . , Bf,“

lying in H,_2 and linearly independent over H,_3 (this is proved in the same
way as before). It follows that m,_2 — m,,3 _> m,_1 — m,_2, and we can
construct vectors fp2+1‘ . . . ,f,,3 in H,_2 which together with the preceding
system form a “full system" of vectors linearly independent over H,_3.
Continuing this construction in the subspaces H,_3, . . . , H0 : {O}, we finally

T {0} denotes the set whose only element is the zero vector.
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get a full system of n linearly independent vectors. This system can be written
in the form of a table

fl,...,f,1,
Bfb ‘ ‘ ' > B.f11l>.fpl+1> ' ' ‘ ’.fP2

B'*1fl, . . . ,B'"‘f,,1,B'*%,1+l,. . . ,B'*%2, . . . ,f,,r_1,.l, . . . ,f,,r,
where the vectors in the first row are of height r, those in the second row are
of height r —- l, and so on, with the vectors in the last row being of height 1
(so that the operator B carries them all into the zero vector).

6.12. Every column of the above table determines an invariant subspace
of the operator B. The first pl invariant subspaces all have dimension r, the
next p2 —pl invariant subspaces all have dimension r — l, and so on, with
the last p, — p,_l single-element columns determining one-dimensional
invariant subspaces. The whole space K" is the direct sum of these p,
invariant subspaces.

6.13. Next we write the matrix of the operator B in the subspace deter-
mined by the vectors of the first column. For a basis we choose the vectors
B'“1fl, B'“%, . . . . Bfl, fl, arranged in order of increasing height. With this
arrangement, the operator B carries the first vector of the basis into the zero
vector, the second vector into the first vector, etc., and finally the rth vector
into the (r — l)st vector. Therefore, according to Sec. 4.23, the matrix of
the operator B has r rows and r columns, and is of the form

010---00

001---00
.. (1)

000---01

000---00

with zeros everywhere except for the elements (equal to l) along the diagonal
just above the principal diagonal. The matrix of the operator B takes a
similar form in the other invariant subspaces, corresponding to the remaining
columns of the table, and in fact can differ from the matrix (l) only by
having a different number of rows and columns.

6.14. Thus the matrix of the operator B in the whole space K" is quasi-
diagonal (see Sec. 4.84), with blocks of the form (1) along the principal
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diagonal:

010---00

001---00

000---01

000---00

010---00

001---00

B: 000---01
000---00

E3
E
(Z)

The number of blocks of size r equals pl, the number of blocks of size r — 1
equals p2 —pl, . . . , the number of blocks of size (2) equals p,_l — p,_2, and
the number of blocks of size (l) equals p, —p,_l. Naturally, ifp,_,+l = p,_,
for some j, then the matrix (2) contains no blocks of size j.

6.2. Algebras. The Algebra of Polynomials
6.21. We begin with some definitions. A linear space K over a number

field K is called an algebra (more exactly, an algebra over K) if there is defined
on the elements x, y, . . . of K an operation of multiplication, denoted by x - y
(or xy), which satisfies the following conditions:

1) a(xy) = (ocx)y = x(ay) for every x, y in K and every on in K;
2) (xy)z = x(yz) for every x, y, z in K (the associative law);
3) (x + y)z : xz + yz for every x, y, 2 in K (the distributive law).
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In general, multiplication may not be commutative, i.e., we may have
xy ¢ yx. If multiplication is commutative, i.e., if

4) xy-= yx for every x, y in K,

then the algebra K is said to be commutative.
An element e eK is called a left unit if ex = x for every x 6 K, a right

unit if xe = x for every x e K, and a two-sided unit or simply a unit (in K) if
ex : xe = x for every x eK.

An element x e K is called a left inverse of the element y 6 K if xy is the
unit of the algebra K; in this case, y is called a right inverse of x. If an element
2 has both a left and a right inverse, then the two inverses are unique and in
fact coincide (cf. Sec. 4.76a). The element 2 is then said to be invertible, and
its inverse is denoted by 2“.

The product 2u of an invertible element 2 and an invertible element u is
an invertible element with inverse u*‘2“‘. If the element u is invertible, then
the equation ux = v has the solution x = u“v. This solution is unique,
being obtained by multiplying the equation ux = v on the left by u“1. In the
commutative case, we write x = v/u or x = v:u, calling the element x the
quotient of the elements v and u.

The ordinary rules of arithmetic are valid for quotients, i.e.,

E vluz ~l— ulv2v . . .
-1 + = —i— (if ul and u2 are invertible),
"1 "2 "1142

v v v v . . .-1- 2 = i (if ul and u2 are invertible),
ul uz lllllg

v v v u . . .—1:i = -1-? (if ul, uz, and v2 are invertible).
ul ug ulvz

The proof of these facts is left to the reader.
An algebra K is said to have dimension n if K has dimension n regarded

as a linear space.

6.22. Examples

a. Given any linear space K, suppose we set x ' y = 0 for every x, y e K.
This gives an algebra, called the. trivial algebra.

b. An example of a nontrivial commutative algebra over a field K is
given by the set II of all polynomials

P()\) = 2 a,,i"
k=0

with coefficients in K, equipped with the usual operations of addition and
multiplication. This “polynomial algebra” has a unit, namely the poly-
nomial e()\) with ao = 1 and all other coefficients equal to 0.



I38 THE CANONICAL FORM or THE MATRIX or A LINEAR OPERATOR CHAP. 6

c. The linear spaceM(K,,) of all matrices of order n with elements in K,
with the usual definition of matrix multiplication, is an example of a finite-
dimensional noncommutative algebra of dimension n2 (see Sec. 4.73b).

d. A more general example of a noncommutative algebra with a unit is
the linear space of all linear operators acting in a linear space K, with the
usual definition of operator multiplication (see Sec, 4.33).

6.23. a. A subspace L C K is called a subalgebra of the algebra K if
x e L, y eL implies xy eL. A subspace L C K is called a right ideal in K
if x eL, y€K implies x)/EL and a left ideal in K if x eL, yeK implies
yx e L. An ideal which is both a left and a right ideal is called a two-sided
ideal. In a commutative algebra there is no distinction between left, right
and two-sided ideals. There are two obvious two-sided ideals in every algebra
K, i.e., the algebra K itself and the ideal {0} consisting of the zero element
alone.T All other one-sided and two-sided ideals are called proper ideals.
Every ideal is a subalgebra, but the converse is in general false. Thus the
set of all polynomials P()\) satisfying the condition P(0) = P(1) is a subalgebra
of the algebra II which is not an ideal, while the set of all polynomials P()\)
satisfying the condition P(0) : 0 is a proper ideal of the algebra II.

b. Let L C K be a subspace of the algebra K, and consider the factor
space K/L (Sec. 2.48), i.e., the linear space consisting of the classes X of
elements x e K which are comparable relative to L. If L is a two-sided ideal
in K, then, besides linear operations, we can introduce an operation of
multiplication for the classes X e K/L. In fact, given two classes X and Y,
choose arbitrary elements x eX, y€Y and interpret X - Y as the class
containing the product xy. This uniquely defines X - Y, since if x’ eX,
y’ e Y, then

><’y’ — Xy = ><’(y' — y) + (><’ e X)»
and hence x'y' C xy belongs to L together with y’ — y and x’ — x. More-
over, since conditions l)—3), p. 136 hold in K, the analogous conditions hold
for the classes X e K/L. Therefore the factor space K/L equipped with the
above operation of multiplication, is also an algebra, called the factor
algebra of the algebra K with respect to the two-sided ideal L. If the algebra
K is commutative, then obviously so is the factor algebra K/L.

6.24. Let K’ and K" be two algebras over a field K. Then a morphism co
of the space K’ into the space K” (Sec. 2.71) is called a morphism of the
algebra K’ into the algebra K” if besides satisfying the two conditions

a) co(x' + y’) = co(x') + co(y') for every x’, y’ e K’,
b) m(ax’) = <xco(x’) : <xm(x’) for every x’ 6 K’ and every a. e K

T As in Theorem 2.l4c, 0 - x = 0 for every x6 K.
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for the morphism of two spaces (s'ee p. 53), it also satisfies the condition

c) co(x’y’) = m(x’)co(y’) for every x’, y’ e K’.

A morphism co which is an epimorphism, monomorphism or isomorphism
of the space K’ into the space K”, as defined in Sec. 2.71, is called an epi-
morphism, monomorphism or isomorphism of the algebra K’ into the algebra
K”, provided condition c) is satisfied.

6.25. Examples

a. Let L be a subalgebra of an algebra K. Then the mapping co which
assigns to every vector x e L the same vector x eK is a morphism of the
algebra L into the algebra K, and in fact a monomorphism. As in Example
2.72a, this monomorphism is said to embed L in K.

b. Let L be a two-sided ideal of an algebra K, and let K/L be the corre-
sponding factor algebra (Sec. 6.23b). Then the mapping co which assigns to
every vector x eK the class X eK/L containing x is a morphism of the
algebra K into the algebra K/L, and in fact an epimorphism. As in Example
2.72b, this epimorphism is called the canonical mapping ofK onto K/L.

c. Let co be a monomorphism of an algebra K’ into an algebra K”. Then
the set of all vectors co(x’) eK" is a subalgebra L” C K”, and the mono-
morphism co is an isomorphism of the algebra K’ onto the algebra L".

d. Let co be a morphism of an algebra K’ into an algebra K”. Then the
set L’ of all vectors x’ e K’ such that co(x’) = 0, which is obviously a subspace
of K’ (cf. Sec. 2.76b), is a two-sided ideal of the algebra K’. In fact, if x’ e L’,

Y’ E K’ “‘°“ <»<><'y'> = <»<><')<»<y'> = 0.
so that x’y’ 6 L’, and similarly y’x’ e L’, i.e., L’ is a two-sided ideal of K’,
as asserted. As in Sec. 2.76b, let Q be the monomorphism of the space
K’/L’ into the space K” which assigns to each class X’ e K’/L’ the (unique)
element 6>(x’), x’ EX’. Then Q is a monomorphism of the algebra K’/L’
into the algebra K”. In fact, choosing x’ e X’, y’ e Y’, we have x’y’ e X’Y’

and Q<X'Y'> = ‘°(X’)/’) = <»<><'><»<i'> : Q<X'>Q<Y'>-
If the morphism co is an epimorphism of the algebra K’ into the algebra

K”, then the morphism Q is an isomorphism of the algebra K’/L’ onto the
algebra K”.

e. Let A be a linear operator acting in a space K over a field K. Since
addition and multiplication by constants in K are defined for linear operators
acting in K, with every polynomial

P()\) : 2 a,,>.k
i~=l]



I40 THE CANONICAL roam or THE MATRIX or A LINEAR OPERATOR CHAP. 6

(al, e K) we can associate an operator
1!!

_ kP(A) _ 2a,,A
k=0

acting in the same space K as A itself. Then the rule associating P(A) with
P(A) has the three properties figuring in Sec. 6.24. In fact, if

Po) = P10) + P20) = iaai + i hm = iv. + bk))\ki
= k=0 k=0Pr‘ 0

then clearly

P(A) =§0<a. + 1>.)A’“ =k§0alA* + §01>,.A* = P.<A> + P.<A>.
and similarly for property b), while if

Q(A) = Pl()\)P2()\) = fight §i>,,i’“ = E §a,i>,W*,
i=0 k=0 J'=0 k=0

then

Q(A) = Z ZaibkAj+k = ZalAjZbkAk : P1(A)P2(A),
= =0 i=0 k=0&> 0 Pr‘

by the distributive law for operators (Sec. 4.34). Note that the operators
Pl(A) and Pl(A) always commute with each other, regardless of the choice of
the polynomials Pl(A) and Pl(A). The resulting morphism of the algebra IT of
polynomials (Example 6.22b) into the algebra B(K) of linear operators acting
in K (Example 6.22d) is in general not an epimorphism, if only because
operators of the form P(A) commute with each other, while the whole algebra
B(K) is noncommutativefr

f. There exists an isomorphism between the algebra L(K,,) of all linear
operators acting in the n-dimensional space K,, and the algebra M(K,,) of all
matrices of order n with elements from the field K. This isomorphism is
established by fixing a basis el, . . . , e,, in the space K,, and assigning every
operator A eL(K,,) its matrix in this basis. Both algebras L(K,,) and M(K,,)
have the same dimension n2.

6.26. The set of all polynomials of the form P(7\)Q0(7\), where Q0()\) is a
fixed polynomial and P(A) an arbitrary polynomial, is obviously an ideal in
the commutative algebra H of all polynomials P(A) with coefficients in a
field K (Example 6.22b). Conversely, we now show that every ideal I 96 {0}
of the algebra II is of this structure, i.e., is obtained from some polynomial
Q0()\) by multiplication by an arbitrary polynomial P(A). To this end, we

T Except in the trivial case where K is one-dimensional.
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find the nonzero polynomial of lowest degree, say q, in the ideal I, and
denote it by Q0()\). We then assert that every polynomial Q()\) e I is of the
form P()\)Q0()\), where P(A) EII. In fact, as is familiar from elementary
algebra,

Q0) E P0)Qo0) + R0), (3)
where P(A) is the quotient obtained by dividing Q()\) by Q0()\) and R()\) is
the remainder, of degree less than the divisor Q0()\), i.e., less than the number
q. But the polynomials Q()\) and Q0()\) belong to the ideal I, and hence, as
is apparent from (3), so does the remainder R()\). Since the degree of R()\)
is less than q and since Q0()\) has the lowest degree, namely q, of all nonzero
polynomials in I, it follows that R()\) E 0, and the italicized assertion is
proved.

The polynomial Q0()\) is said to generate the ideal I.

6.27. The polynomial Q0()\) is uniquely determined by the ideal I to within
a numerical factor. In fact, if the polynomial Ql()\) has the same property
as the polynomial Q0()\), then, as just shown,

Q10) = P1()\)QoO\),

Q00“) = P0O\)Q1O\)~

It follows that the degrees of the polynomials Ql()\) and Q0()\) coincide and
that Pl(A) and P0()\) do not contain A and hence are numbers, as asserted.

6.28. Given polynomials Ql()\), . . . , Q,,,()\) not all equal to zero and with
no common divisors of degree > l, we now show that there exist polynomials
Pf()\), . . . ,Pfn()\) such that

Pl0)Q10) + ' ~ ~ + P',’..0)Q.,.0) E 1- (4)
In fact, let I be the set of all polynomials of the form

Pi0)Qi0) + ' ' ~ + Pm0)Qm0)
with arbitrary Pl(A), . . . ,P,,,()\) in II. Then I is obviously an ideal in II.
By Sec. 6.26, the ideal I is generated by some polynomial

42.0) = §P;:<i>Q.o>. <5)
In particular, k=1

Q10) = $10)Q00), - - - , Q1,.0) = S7n()\)Q0()\)s
where Sl()\), . . . , S,,,()\) are certain polynomials, from which it follows that
Q0()\) is a common divisor of the polynomials Ql().), . . . , Qm()\). But, by
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hypothesis, the degree of Q00.) is zero, and hence Q0()\) is a constant ao,
where aof 0 since otherwise I = {O}. Multiplying (5) by l/ao and writing
Pg()\) : Pg()\)/ao, we get (4), as required.

6.3. Canonical Form of the Matrix of an Arbitrary Operator
6.31. Let A denote an arbitrary linear operator acting in an n-dimen-

sional space K,,. Since the operations of addition and multiplication are
defined for such operators (Secs. 4.3I—4.33), with every polynomial

1!!
__ kP(A) _ Z all

k=0

we can associate an operator

P(A) = a,A'=
P~
Z
- 0

acting in the same space K,, (cf. Example 6.25e), where addition and multipli-
cation of polynomials corresponds to addition and multiplication of the
associated operators in the sense of Sec. 4.4. ln fact, if

P(A) = P10) + P20) = Zak“ + Zbkhk = Z(ak + bk)7\k,
then k=0 k=0 k=0

P(A) = Z011. + bk)Ak = Za,.A" + Zb,.A" = Pl(A) + P2(A)-
k=0 k=0 1:=0

Similarly, if

Q(A) = Pl().)P2().) = Za,,x"§b,-A" = Z §a,,b,W",
‘ ~= "=0k=0 J=0 >~ 0

then

Q(A) = Z Zal.b,A"" " = Za,.A"Zb,A’ = Pl(A)P2(A),
k=0 i=0 k=0 :i=l1

by the distributive law for operator multiplication (Sec. 4.34). ln particular,
the operators Pl(A) and Pl(A) always commute.

Thus the mapping co(P()\)) = P(A) is an epimorphism (Sec. 6.24) of the
algebra II of all polynomials with coefficients in the field K into the algebra
IIA of all linear operators of the form P(A) acting in the space K". By Sec.
6.25d, the algebra IIA is isomorphic to the factor algebra II/Ill, where IA is
the ideal consisting of all polynomials P(A) such that

co(P()\)) : P(A) : 0.

We now analyze the structure of this ideal.
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6.32. As noted in Example 6.25f, the set of all linear operators acting in
a space K,, is an algebra of dimension n2 over the field K. Hence, given any
operator A, it follows that the first n2 + l terms of the sequence

A°=E,A,A2,...,A’",..

must be linearly dependent. Suppose that

2a,,A" = 0 (m < n2).
=0K‘

Then, by the correspondence between polynomials and operators established
in Sec. 6.31, the polynomial

Q0) = iaiii
k=0

must correspond to the zero operator. Every polynomial Q(A) for which the
operator Q(A) is the zero operator is called an annihilating polynomial of
the operator A. Thus we have just shown that every operator A has an
annihilating polynomial of degree < n2.

6.33. The set of all annihilating polynomials of the operator A is an
ideal in the algebra II. By Secs. 6.26-6.27 there is a polynomial Q0()\)
uniquely determined to within a numerical factor such that all annihilating
polynomials are of the form P()\)Q0()\) where P(A) is an arbitrary polynomial
in II. In particular, Q0()\) is the annihilating polynomial of lowest degree
among all annihilating polynomials of the operator A. Hence Q0()\) is called
the minimal annihilating polynomial of the operator A.

6.34. THEOREM. Let Q(A) be an annihilating polynomial of the operator A,
and suppose that

Q0) = Q10)Q20),
where the factors Ql()\) and Q2()\) are relatively prime. Then the space Kn
can be represented as the direct sum

Kn:T1+T2

of two subspaces Tl and T2 both invariant with respect to the operator A,’r
where

Q1(A)x2 = 0» Q2(A)x1 : 0

for arbitrary xl e Tl, x2 6 T2, so that Ql()\) and Q2()\) are annihilating poly-
nomials for the operator A acting in the subspaces T2 and Tl, respectively.

1' Thus xl E T. implies Axl E Tl and similarly x26 T2 implies Ax,ET,.
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Proof. By Sec. 6.28 there exist polynomials Pl(A) and P2()\) such that

P1(7\)Q1(7\) -I" P2(7\)Q2(7\) E 1,
and hence

P1(A)Q1(A) + P2(A)Q2(A) E E-
Let Tl, (k = l, 2) denote the range of the operator Ql,(A), i.e., the set of all
vectors of the form Q,,(A)x, x eK,, (see Sec. 4.61). Then obviously y =
Ql,(A)x e Tl, implies Ay = Ql,(A)Ax e Tl,, so that the subspace Tl, is invariant
with respect to the operator A. Given any xl e Tl, there is a vector y e K,,
such that

Q2(A)xl = Q2(A)Qi(A))/ Z Q(A))/ = 0,
and similarly, given any x2 6 T2, there is a vector 2 e Kl, such that

Ql(A)x2 = Q1(A)Q2(A)Z = Q(A)Z = 0-
Moreover, given any x e K,,, we have

x = Q1(A)P1(A)x -I‘ Q2(A)P2(A)x : x1 + x2,
where

xl, .= Ql,(A)P,,(A)x e Tl, (k = l, 2).

It follows that K,, is the sum of the subspaces Tl and T2. If xl, e Tl Q T2,
then Ql(A)xl, = Q2(A)xl, = 0, and hence

xo = P1(A)Q1(A)x0 ‘l‘ P2(A)Q2(A)xn : 0-

Therefore Tl Q T2 = {O}, and the sum Kl, = Tl + T2 is directfr I

6.35. Remark. By construction, the operator Ql(A) annihilates the
subspace T2, while the operator Q2(A) annihilates the subspace Tl. We now
show that every vector x annihilated by the operator Ql(A) belongs to T2,
while every vector x annihilated by the operator Q2(A) belongs to Tl. In fact,
suppose Ql(A)x = 0. We have x = xl + x2 where xl e Tl, x2 e T2, and
hence Ql(A)xl = Ql(A)x — Ql(A)x2 = 0 since Ql(A)x2 = 0. But Q2(A)xl =
0 as well, since xl 6 Tl. It follows that

x1 : P1(A)Q1(A)x1 -I‘ P2(A)Q2(A)X1 : 0, x = x2 E T2-

Similarly, Q2(A)x = 0 implies x e Tl, and our assertion is proved.

6.36. Representing the polynomials Ql(A) and Q2(A) themselves as
products of further prime factors, we can decompose the space Kl, into smaller
subspaces invariant with respect to the operator A and annihilated by the

T Naturally, the possibility is not excluded that one ofthe subspaces Tl and T2 consists of
the zero vector alone.
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appropriate factors of Ql(A) and Q2(A). Suppose the annihilating polynomial
Q(A) has a factorization of the form

Q0) — 111 0 — )‘k)rk <6)
k=1

where Al, . . . , Am are all the (distinct) roots of Q(A) and rl, is the multiplicity
of 7\l,. For example, such a factorization is always possible (to within a
numerical factor) in the field C of complex numbers. Then we have the
following

THEOREM. Suppose the operator A has an annihilating polynomial of the
form (6). Then the space K" can be represented as the direct sum

ofm subspaces Tl, . . . , Tm, all invariant with respect to A, where the subspace
Tl. is annihilated by B§,'=, the rl,th power of the operator

Bl, = A - Al,E.

Proof Apply Theorem 6.34 repeatedly to the factorization (6) of Q(A)
into m relatively prime factors of the form (A ~ 71,)". I

6.37. By construction, the operator Bl, is nilpotent in the subspace Tl,.
Hence, by Sec. 6.14, in every subspace Tl, (¢{0}) we can choose a basis in
which the matrix of Bl, takes the canonical form (2). In this basis, the
matrix of the operator A = Bl, + )\l,E takes the form

i,10~~oo
01,1.--00

000~-1,1
000~~oi,

i,,10~~oo
0>.,,1~~oo _(7)

0o0~~i,1
000-~01,

E



I46 THE CANONICAL FORM OF TI-IE MATRIX OF A LINEAR OPERATOR CI-IAP. 6

Hence the matrix of the operator A in the whole space Kl, : Tl + ~ - ~ + Tm
takes the form

>.l1 0
Q M... 0

0 0 i,
1,10
Q ),,... Q

O0---1
0 0 M

-/(A) = (8)

El

;\m1 Q

O71“-~ O

Q Q 1

0 0 ;,m

E
in the basis obtained by combining all the canonical bases constructed in
the spaces Tl, . . . , Tm. Thus finally we have the following

THEOREM. Given any operator A in an n-dimensional space Kl, with an
annihilating polynomial of the form (6) (in particular, any operator A in an
n-dimensional complex space C,,), there exists a basis, called a Jordan basis,
in which the matrix of A takes the form (8), called the Jordan canonicalform
of Afr

In the case Kl, : C,, the complex numbers Al, . . . , A, can be arranged in

I Synonymously, the Jordan normalfvrm of A.
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accordance with any rule, e.g., in order of increasing absolute valuefr The
representation (8) is not always possible in the case of an operator A acting
in a space K,, ¢ C,,. In Sec. 6.6 we will consider the canonical form of the
matrix of an operator A acting in a real space K,, = R".

6.4. Elementary Divisors I

6.41. The matrix (8) can be specified by a table

)\l:nl“, . . . , nil’

)\2:nl2’ . . . nm, i r2 ("pa > nah) > . . . > "ifm (9)

)\,,,:nl’”’, . . . , nix”

which for each diagonal element Al, indicates the sizes nil”, . . . , nlfl of the
corresponding “elementary Jordan blocks” of the form

Al, 1 0 ~ ~ - 0

0 71,, 1 - - ~ 0
"gin . . . . . . (10)

0 0 0 ~ ~ ~ 1 ,

l 0 0 0 ~ ~ ~ )\l,l

appearing in the matrix (8). We now show how to construct the table (9)
and thereby determine the form- of the matrix J(A) of the operator A, from
a knowledge of the matrix A of the operator A in any basis of the space K,,.

6.42. As shown in Sec. 5.53, the characteristic polynomial of the operator
A does not depend on the choice of a basis. Forming this polynomial for the
Jordan basis, we get

det (A _ IE) = det (J(A) _ IE) = 110,, _ i)"l*’+-""+"i’;.l’, (11)
k=1

since every element below the principal diagonal in (8) is zero. Thus the
numbers Al, (k = I, . . . , m) are the roots of the characteristic polynomial,
and the numbers rl, = nil” + - ~ ~ + nljil are the multiplicities of these roots.

T Or in order ofincreasing argument 0 (varying in the interval 0 < 6 < 211'), in the case
of identical absolute values.
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Hence, by calculating the characteristic polynomial (which can be done by
using the matrix A) and finding its roots, we can determine the quantities Xl,
and rl, = nil‘) + - - - + nit’ in the table (9).

6.43. Next (here and in Sec. 6.44) we show how to use the matrix A of
the operator A in the original basis to calculate the numbers nlkl themselves.
Since J(A) and A are matrices of the same operator A in different bases, it
follows from Sec. 5.51 that

J(A) = T“A T,

where T is a nonsingular matrix, and hence that

J(A) - XE = T—‘(A - XE)T.
The minors of a fixed order, say p, of the matrix A — XE are certain poly-
nomials in X of degree 2.;p. Let I,,(A) be the ideal in the algebra TI generated
by all_ these minors, and let I,,(J(A)) have the analogous meaning. Then the
two ideals I,,(A) and I,,(J(A)) coincide. In fact, according to Sec. 4.54, every
minor of orderp of the matrix J(A) -— XE is a sum of products of minors of
order p of the matrices A — XE, T and T_‘. But the elements of T and T_1
are numbers. Thus every minor of order p of the matrix J(A) — XE is simply
a linear combination of minors of orderp of the matrix A — XE, and hence
belongs to the ideal I,,(A). By symmetry, every minor of order p of the
matrix A —XE belongs to the ideal I,,(J(A)). It follows that the ideals
I,,(A) and I,,(J(A)) coincide, as asserted.

Now let D,,(X) be the polynomial generating this ideal. According to
Sec. 6.26, D,,(X) is just the greatest common divisor of the polynomials
generating I,,(A). Thus the greatest common divisor of the minors of orderp
of the matrix J(A) — XE is the same as the greatest common divisor of the
minors of order p of the matrix A - XE, and hence can be regarded as
known. The greatest common divisor of the minors of order p of the matrix
J(A) — XE can be calculated directly as follows: Instead of the matrix
J(A) — XE, we can again consider a matrix of the form S(J(A) — XE)T,
where S and T are invertible numerical matrices (not containing X). The
operations of interchanging rows (or columns) and adding an arbitrary
multiple of one row (or column) to another lead to matrices ofjust this kind
(see Examples 4.44d—4.44g). We now assert that the elementary block

Xl,—X 1 0-~ 0
0 Xl,—Xl~~~ 0

0 0 0-~ 1
0 0 0 Xl.—X
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can be reduced to the form

9 I 111 9 <11>
00~-W_w?

by operations of the indicated type. In fact, to get (12) we first subtract the
first row multiplied by Xl, — X from the second row, then the second row
multiplied by Xl, — X from the third row, and so on. This gives the matrix

Xl, — X l 0 ~ ~ ~ 0

—(Xl,—X)2 01 0

(—l)°—2(Xl, — X)°—1 0 0 ~~~ 1

(-—-l)°T‘(Xl, — X)“ 0 0 ~~- 0

where q = nil". Then from the first column we subtract the second column
multiplied by Xl, — X, the third column multiplied by —(Xl, — X)2, etc., and
finally the (q — l)th column multiplied by (-—l)°_2(Xl, — X)°“‘. This gives
the matrix

2

0 10---0

0 01---0

0 oo~>1
(AFW—W00-~0

from which the matrix (12) can be obtained by interchanging columns.’r
We now calculate the greatest common divisor D,,(X) of the minors of

order p of the matrix .I(X) with blocks of the form (12) along its principal
diagonal. Since all nondiagonal elements of f(X) vanish, the only minors of
.I(X) which can be nonzero are those with the same set of row and column
indices, and such a minor is simply equal to the product of its diagonal
elements. Among the elements along the principal diagonal of the matrix
.I(X), a certain number, say N, are binomials of the form (Xl, - X)"iH, while
the other n ~ N elements are all equal to 1. The number N is just the total
number of Jordan blocks in the matrix J(A), i.e., N= rl + ~ ~ ~ + rm.
Clearly D,(X) E l ifp < n — N, since some of the minors of .I(X) of order
p < n — N are certainly equal to 1. Suppose we replace the matrix .I(X) by

T Except possibly for the sign of the element (Xl, ~7.)'1, which is irrelevant to the
subsequent determination of D,,(X).

s
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the diagonal matrix
01 ~ mi"

01 _ 7\)"’l:I
(7)2 C 7\)"i2I

J(X) =

(Mi ‘C 7\)":::,I
I

n—N

1

which obviously has the same polynomial D,(X) as J(X). The greatest
common divisor of the minors of order p of the matrix J(X) are clearly of the
form m W,

1>..())= 1,11, 0,. — ))“* . (13)
with nonnegative exponents ul,(p). The exponents in (13) are easily found.
For example, to determine ul(p), we note that ul(p) is the smallest exponent
with which Xl — X appears in all minors of J(X) of order p. Ifp < n — rl,
then there is a minor of orderp which does not contain Xl — X at all, so that
ul(p) = 0. However, if p = n — rl + 1, then, bearing in mind that the
exponents nlll, . . . , nil’ are arranged in decreasing order, we have

I"'1(P) : "ll,-
Moreover, each time p is increased further by 1, the exponent ul(p) increases,
first by n§:’_l, then by nj:l_,, and so on, until finally we get ul(p) = nil’ + ~ ~ ~ +
nlll forp = n. Similarly,

0 ifp<n~—rl,,

nit’ ifp=n-rl,—I—l,

p"‘(p) 2 nit’ + nlfll if p = n — rl, + 2,

n:::)+...+nikI

Note that (kl
l*k(") — P-k(" C I) = "1 ,

l*k(" — 1) '“ P-k(" — 2) = "gm,

l*k(" — rk +1)“ P-k(" — rk) : "IT,
so that

I"k(n -1 + 1) — I"k(n -1) = ~51" (1: 1.2. . . ..~ -1) (14)
(we set n§.’°l = 0 ifj > rl,).
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6.44. The ratio

Epol) = M‘)
D20)

is called an elementary divisor of the operator A. The elementary divisors,
like the polynomials D,,(X) themselves, do not depend on the choice of a
basis and hence can be calculated from the matrix of A in any basis. It
follows from (I3) that -

M

H 0,. — ))“*"’*" ...
E-P0‘) : kill : H 0% __ )\)!J-k1D+1)—I1-kill)

H 0% _ )\)l1-HUI '~‘=1

k=1

_ (p=l,2,...,n—l)
or equivalently,

En_jO\) : 1711' 0% _ )\)u,-(n~a'+1)—u,-(n—i) Z 1’ 2’ l l l , n _ 1),
lc=1

Using (14), we get

E,_,.())=kf_[1(i,,_i)"§" (j=l,2,...,n—l),
where the roots of E,,_,(X) have multiplicities equal to the sizes of certain
Jordan blocks in the matrix J(A). Thus by calculating the elementary
divisors of A, we can find the numbers nil", thereby finally solving the problem
of constructing the table (9).

6.45. Examples
a. The “Jordan matrix”

0 1 0

0 1 1

0 0 1

ll

01

1

21

02

21

02
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of order ten has three blocks of sizes 3, 2 and 1 corresponding to the root
Xl = 1, and two blocks of sizes 2 and 2 corresponding to the root X2 = 2.
Hence the elementary divisors are

E90) = (1 — X)“(2 — X)’,
E50) I (1 — X)’(2 — X)’.
E70) = 1 “C In

E60) = " ’ : E10)=1-

b. Suppose a given matrix A = lla,l,ll of order ten has elementary
divisors

E90) = (3 — 1)2(4 — X)“,
E30) = (3 — X)’(4 — X),
E7(X) = 4 — X,

E60) = 4 — In
E 1 El 1 = 15( ) ~ — ( )

(calculated from the minors of the matrix A ~ XE, as in Secs. 6.43-6.44).
Then, according to Sec. 6.44, the Jordan matrix J(A) has two blocks of sizes
2 and 2 corresponding to the root Xl = 3, and four blocks of sizes 3, 1, 1 and
1 corresponding to the root X2 = 4. It follows that

31

03

31

03

4 1 0

0 4 1

0 0 4

4

4

4

J(A) =

6.46. Thus from a knowledge of the elementary divisors of an operator
A, we can determine all the numbers ngkl and hence the structure of the
Jordan canonical form of A. In particular, we see that the Jordan canonical
form of an operator A is uniquely determined by A.
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On the other hand, since the elementary divisors of an operator A are
determined by the minors of the matrix A — XE in any basis, two equivalent
operators A and B, i.e., two operators with the same matrix in two (distinct)
bases, have the same Jordan canonical form. Conversely, it is obvious that
if two operators have the same Jordan canonicalform, then they are equivalent.
This completely solves the problem of the equivalence of linear operators
(in a complex space), posed at the beginning of the chapter.

6.5. Further Implications

6.51. If it is known that the operator A can be reduced to diagonal form,
i.e., that its matrix has the form

Xi

Xi
;\2

A Z .

2.2

Am

in some basis, then A is just the Jordan matrix of the operator A (all the
Jordan blocks are of size 1). ln particular, the elementary divisors all have
simple roots. Conversely, if all the elementary divisors of an operator A
have only simple roots, then the Jordan matrix J(A) has blocks of size 1
only and hence is diagonal.

6.52. Given the Jordan canonical form of an operator A, we can easily
find its minimal annihilating polynomial. Suppose the operator B has the
matrix

0 l 0 0

001~~o

000~~-l

000-~~0
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in the basis el, . . . , el,, so that

Bel = O, Be2 = el, . . . , Be, = e,,_l.
Then

B1'x = 0
for every D

x = Z cl.el,.
k=1

Thus X” is an annihilating polynomial of the operator B. The minimal
annihilating polynomial is a divisor of X” (see Sec. 6.33), and hence must be
of the form X'", m < p. But B"_1e, = el qé 0, so that X” is in fact the minimal
annihilating polynomial of B.

Now suppose the operator A has the matrix

10101110
01,1-1-0

0 0 0 1

0 0 0 X0

in thesamebasisel,...,e,,, so thatA=B+X0E. Asjustshown,

(A—X0E)”=B"=0,

and hence (X0 — X)” is an annihilating polynomial of A, in fact the minimal
annihilating polynomial, by the same argument as before.

Next suppose the operator A has the quasi-diagonal matrix

1, 1 () . . . ()

0 X0 1 ~ ~ ~ 0

0001--1
0001--1,

9

10101110
01011110

000-111
000-1-1,
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where the blocks along the diagonal have sizes pl > p2 > - - - > p,_ Then a
polynomial Q(X) annihilating the operator A must annihilate each block
separately. Clearly the polynomial (X0 — X)“ has this property (cf. Sec. 4.52),
and in fact is the minimal annihilating polynomial, by the same argument as
before.

Finally, in the general case where the operator A has the Jordan matrix
described by the table (9), the polynomial

Q(X) = (1.. — 1)"i"’
is clearly an annihilating polynomial of A, in fact the minimal annihilating
polynomial, since none of the exponents nf” can be lowered, for the reasons
given above.

Thus the polynomial Q(X) is the minimal annihilating polynomial of the
operator A. The degree of Q(X), equal to nil’ + - - - + n§'"’, is the sum of
the sizes of the largest Jordan blocks, each corresponding to a root of the
characteristic polynomial. Note that this number cannot exceed the order of
the matrix A, i.e., the dimension n of the space in which the operator A acts.
The characteristic polynomial

det (A - XE) = 1%] (1,, - 1)"lk’+“‘+"1'£’
1;==1

of the operator A (see Sec. 6.42) contains Q(X) as a factor, and hence is also
an annihilating polynomial (a result known as the Hamilton—Cayley theorem).
However, the characteristic polynomial is in general not the minimal
annihilating polynomial of A. Clearly, the characteristic polynomial
coincides with the minimal annihilating polynomial of A if and only if each
root of the characteristic polynomial figures in only one Jordan" block, of
size equal to the multiplicity of the root.

6.6. The Real lordan Canonical Form

6.61. Let A be a linear operator acting in a real n-dimensional space R,,.
Then in general there is no canonical basis in which the matrix of A takes the
Jordan form (8), if only because the characteristic polynomial of A can have
imaginary roots. Nevertheless, we can still find a modification of the Jordan
matrix (8) suitable for the case of a real space.

Let A = llalklll be the matrix of the operator A in some basis el, . . . , e,,
of the space R,,, and consider the complex n-dimensional space C, consisting
of the vectors

x=°I1e1‘I_""I_anem
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where (X1, . . . , ix, are arbitrary complex numbers. The matrix A specifies a
linear operator A in the space C, in accordance with the formula

A ‘VI n n

Ax : 2°‘i¢Aei.- = 2”-k(2al'k)e;I)»
k=1 k=1 j=1

the same formula specifying the operator A itself for vectors x with real
components ul,.

6.62. First we consider the case of an operator A with an annihilating
polynomial of the special form

P<1)= 0* + 1*)».
where -r is a positive number. For the operator A it makes sense to talk about
polynomials Q(A) with complex coefficients, in particular, the polynomials
(A + i-r)" and (A — i-r)”. The polynomial P(X) = (X2 + T2)” is also an
annihilating polynomial of the operator A. According to Theorem 6.34, the
factorization

<12 + 12))’ = <1 — ir)@<1 + tr)”
corresponds to a decomposition of the space C, into a direct sum of two
subspaces C1, and Ci, both invariant with respect to in which A has
annihilating polynomials (X — i-r)” and (X + i-r)”, respectively. Moreover,
if the subspace C}, consists of the vectors

x I (X181 + I I I + amen:

with arbitrary complex coefficients xl, . . . , oc,,,, then the subspace CZ
consists of the vectors

j Z £2181 J7 I i i interns

where til. is the complex conjugate of (Xl, (k = 1, . . . , m). In fact, if

(A - i-rE)"x = 0, (15)
then, taking complex conjugates in both factors of the left-hand side, we get

(A + HE)»; = 0, (15')
and conversely.'l' ln particular, it follows that n is even, i.e., n = 2m where
m is the dimension of each of the subspaces C}, and Ci.

T The subspaces CI, and Cf, are uniquely determined by (15) and (15’), respectively
(see Sec. 6.35).
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h erator A in the space C},, as inNow letff be the Jordan basis of t e op
atrix ofA in this basis is of the formSec. 6.37. According to (7), the m

it l_ 0

"1 0 iv 1

O O it .

it 1 0

0 it 1 ll“

0 0 it

Hence the action of A on the basis vectors is described by the formulas

8/1 = 0/1. . . . . Aft = 11/1.
Af§=f1‘+iTf2‘, 1, Af§=fl+iTf§,

A . . . . . . . . . . . . .q

$1.‘. =f.‘._. + 111:... . . . AfZ,=fZ,_1 + 111.,-
The action of A on the complex conjugate vectors in Cf, is described by
the complex conjugates of these formulas:

AL} = Inf}, _ ..., Ag = :lTfg, _
Ki; =11 — 11/1. 1 . Kf;=i1— 11/2.

31:. --f3.._. — 111,- - 1 .$f:._. =f:._. — 11/2,.
-1‘ Jordan basis for the operator A in theThus we see that the vectorsf,. form a

taken together form a Jordan basisspace Ci. Hence all the vectors
for the operator A in the whole space C,,.

We now construct a basis in the real space Rn, by replacing each pair of
complex vectors f and by a pair of real vectors

1 _
fI) ( 16)

1 — .gl=E(f'§+f'§), hl=Z(fiC --

lt follows from the formulas

Ar’; = 12:. + 1-/1.
3f_l=fZi1— HE <fi=E= 0)
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that
>) {E (fl +171): E Ag’; = g’i_1 — Th’;
A 1 — —A{5 (ii —f’;)} E Ah? = hi_. + lg? (gs = hi = 0)

Thus the action of the operator A on the vectors gj.‘ and hf is described by the
formulas

A31 = -1111.
Ahl‘ = Tel‘.
Agl‘ = gl‘ —Th§,
A111‘ = hi + Tglf, (17)

Agiick Z glii.~—1 _ThI1Ik’

Ahlrik Z hfiii,--1 TIT Tglii.-’

Moreover, (16) implies

fl‘ = gl‘ + ihl‘. fi= gl — 1'11?-
Therefore the (complex) linear manifold spanned by all the vectors gjf, hj.‘ is
the same as the linear manifold spanned by all the vectors fgr‘, f But the
number Of Vectors gl,‘, hf is the same as the number of vectors f, Hence
the vectors gf, hf are linearly independent over the field C, just like the vectors
ff,f Thus, a fortiori, the vectors gf, hf are linearly independent over the
field R, i.e., in the real space R,,.

lt follows from the formulas (17) that the matrix of the operator A in the
basis g',i, hf is a quasi-diagonal matrix, made up of blocks of the form

O T 1 O

—'r O O 1

0 T 1 0

—'r O O 1

0 T

-1 0
. l (13)

OT 10

-—~.'O O1

OT

—-T0

of sizes 2nl, . . . ,2n,, respectively.
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6.63. We now consider the general case. Let A be a linear operator in a
real n-dimensional space Rn, and let P(X) be an annihilating polynomial of
P(X). Then P(X) has a factorization of the form

P0) = (1.. — 1)" 10 — 6.)? + fir"
(to within a numerical factor) in the real domain, where Xl, (k = 1, . . . , n)
are the distinct real roots of P(X) and cl + i-rl : ul, cl — i-rl : pl are the
distinct imaginary roots of P(X). According to the general theory (Sec. 6.36),
the space R, can be represented as a direct sum

R, = Z El, + Z Fl
k=1 l=1

of subspaces invariant with respect to A, where (Xl, — X)" is an annihilating
polynomial of the operator A in the subspace El, while (cl — X)? + -cf is an
annihilating polynomial of A in the subspace Fl. In the subspace El, the
operator A can be reduced to the Jordan canonical form (7). As for
the subspace Fl,letBl = A — cslE. Then (X2 + -cf)“ is an annihilating poly-
nomial for the operator Bl in Fl, and hence, by Sec. 6.62, there is a basis
in which the matrix of Bl is of the form (18), with -r replaced by -rl. In this
same basis the matrix of the operator A = Bl + olE is quasi-diagonal, made
up of blocks of the form

cl Tl 1 0

—'rl cl 0 1

csl ':l 1 O

—':l cl O 1

61 Ti

T“ °’ (19)

cl Tl 1 0

—~:l cl 0 1
cl -rl

—'rl cl

of sizes 2nl, . . . , 2n,, respectively. Thus we can choose a basis in the space
R, in which the matrix of the operator A consists of diagonal blocks of the
form (10) and (19). This “real Jordan matrix” will be denoted by JR(A).

6.64. As in Sec. 6.4, the structure of the matrix JR(A) can be deduced
from the elementary divisors of the operator A, which in turn can be calculated
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from the minors of the matrix A -— XE in the original basis. Since the poly-
nomials D,,(X) and E,,(X) are obtained from the minors A — XE by rational
operations, the polynomials E,,(X) have real coefficients and hence are of the
form

E.-.0) = H01 — 1)"? H 10 — 6.)’ + rirl” 0' = 1126 - - l ~ — 1)
k=1 l=1

(cf. Sec. 6.44). To every exponent njkl there corresponds a Jordan block of
size n§"’, and to every exponent pj.” a block of the form (19) of size 2p§”.

6.65. The above results can be summarized in the form of the following

THEOREM. Given any operator A in a real n-dimensional space R,,, there
exist. a basis in which the matrix of A is quasi-diagonal, made up of blocks of
theform (10) and (19), where Xl, (k = 1, . . . , m) are the real roots and cl 3|; i-rl
(l = 1, . . . ,s) the complex roots of the characteristic polynomial of A. The
sizes of the blocks are uniquely determined by the elementary divisors of A in
the way indicated in Sec. 6.64.

6.66. COROLLARY. Every linear operator A in a real n-dimensional space
R, has an invariant subspace of dimension 2.

Proof. The basis vectors g’{ and h’; obviously generate a two-dimensional
invariant subspace of A (see (17)). |

The number of distinct two-dimensional subspaces of A can always be
estimated (from below). ln fact, there are at least as many such subspaces
as there are distinct diagonal blocks (19) of size >2 in JR(A).

*6.7. Spectra, lets and Polynomials

In many problems of algebra and analysis, the need arises to calculate
various functions (in particular, polynomials) of given linear operators acting
in a finite-dimensional space. Such functions, which have a number of special
properties, will be investigated in the next two sections. A natural arithmetic
model for functions of a single operator is the algebra of jets, with which we
begin our discussion.

6.71. By a spectrum, denoted by S, we mean any set of points Xl, . . . , Xl,,
where it is assumed that each point Xl, is assigned a “multiplicity,” i.e., a
positive integer rl, (k = 1, . . . , m), a fact indicated by writing

s = {>.;1, . . . ,1;;,»}.
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Moreover, we assume that each point Xl, is assigned a set of rl, numbers from
the field K, denoted by

/0.1) =/001.)./'<1..)11 1 1 ./‘--"<1..)1
Such a set of numbers will be called a jet f, defined on S.

We now introduce the following algebraic operations in f(S), the set of
all jets on a given spectrum S: _

a. Addition of jets. By the sum f+ g of two jets f= {f(")(Xl,)} and
g = {g‘1l(Xl,)} we mean the jet defined by the set of numbers

(f+ g)”’0)1) =f(j’0k) *1‘ g(”0it)

(k=1,...,m;j=0,l.,...,rl,-1).

b. Multiplication of a jet by a number. By the product otf of a jet f =
{f”l(Xl,)} and a number at e K we mean the jet defined by the set of numbers

<1»/)~')0..)= 1»/‘"001
These two operations obviously convert the set f(S) into a linear space,

whose zero element is the jet 0 whose “components” are all zero.

c. Multiplication ofjets. By the product fg of two jetsf= {f("l(Xl,)} and
g = {g(l)(Xl,)} we mean the jet defined by’r

(fg)0k) = f0i¢)g0k)»

(fg)'0i.) = f01)g'0).) + f '0).)g01),
J

(f8)"’(Xi.) = Z C’if"’(X)1)g”_”(X).)
l=0

(k = 1, . . . , m;j = 0,1,... , rl, -1), where Cl is the binomial coelficient

. ‘IC; : _i___
ll (j — l)!

It is easily verified that this operation is commutative and satisfies
conditions l)—3) of Sec. 6.21. Therefore f(S) is a commutative algebra over
the field K. This algebra has a unit, i.e., a jet e such that ef=ffor every
fe f(S). ln fact, we need only choose

nj=01
0)), :
e(9 l0if0<j<@

(k=l,...,m).

T These formulas are formally identical with Leibniz’s rule for repeated differentiation
of the product of two functions /"and g.
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ln what follows, we will set up a correspondence between the algebra f (S)
and the algebra of all polynomials with coeflicients in thefield K, for the case
where the points Xl, . . . , X,,, all belong to K.

6.72. It will be assumed that the field K has infinitely many distinct
elements. Making this assumption, we first show how to “reconstruct” the
coefficients of a polynomial from a knowledge of its values.

a. Let P
P(X) = Z 11,1"

k=0

be a polynomial with coefficients in the field K, whose argument X also takes
values in K. Then the coefficients all, al, . . . , a,, of P(X) are uniquely
determined by the values of P(X). In fact, let Xl,, Xl, . . . ,X,, be distinct
elements of K, and consider the equations

ao ‘l‘ a17\0 “I” ' ' ' + “M0 : P00)»
all —l— alXl + ' ' ' + a,,Xf = P(Xl),

a0 + a1)‘at ‘IT I I I + av)‘; : POW)»

which can be regarded as a system of p + 1 equations in the unknowns
all, al, . . . ,a,,. The system has a nonvanishing determinant (see Example
l.55c), and hence, as asserted, has a unique solution by Cramer’s rule
(Sec. 1.73).

b. In particular, it follows that if two polynomials

11 P

P0) = Z 110". Q0) = Z 50k
k=0 k=0

coincide for every value X e K, then

al,=bl, (k=0,l,...,p).

6.73. We will subsequently need the concept of the derivative of a poly-
nomial P(X), and the notions of higher derivatives and Taylor’s fonnula as
well. In analysis these concepts are introduced for the case of polynomials
which are functions of a real (or complex) argument, but here we are con-
cerned with polynomials P(X) whose argument X varies in an arbitrary field
K. We must therefore introduce the corresponding definitions independently,
i.e., without recourse to the notion of a limit which may not exist in the field K.

a. Fixing a point u e K, we write the formula

P P l P b

2111.1" = 2111.10 + 0 - 101* = Z 0 - 0)’: (20)A-=0 11:0 k=0 k.
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where the quantities
b)1(1*)i k = 0, 1, . . . ,k, ( iv)

are the polynomials in li obtained after expanding [li + (X — pL)]kI1'1 powers
of li and X ~ u and collecting similar tenns. The polynomials bl,(u) are then
given the following names:

P .

bll(u) =k;)al,u" =-:- P(a), the polynomial P(u) itself,
T

bl(u) =k§1kal,u"“ E P’(a), thefirst derivative of P(u),
T

b2(u) =’gk(k - 1)al,u""2 E P”(u), the second derivative of P(u),

b,,(u) = p(p — 1) ' ' ' 1 ' al, E P“”(u), the pth derivative of P(u).

For a polynomial of degree p, we set P""(l.I) E 0 ifq > p.
ln the new notation, formula (20) takes the form

" 1 . ,P0) = Z C P("’(1*)(X — 1*)‘. (20)
k=0 kl

known as Taylor’s formula for the polynomial P(X).

b. In particular, for the polynomial

P(X) = (X — a)" (a GK),
we have

P(a) = P’(a) = - - - - P“""(a) = 0,
ptmol) = P!’

P“"(X) = 0 (q > p).

c. More generally, if
P0) = 0 — ¢1)"Q0),

we have

Q0) 110~ at“. P0) 110— a)"*“’1
and hence

P(a) = P’(a) = - - - = P“’“1l(a) = 0. (21)
d. Conversely, if it is known that (21) holds, then

P(X) =20 i P""(a)(X - a)"

= (1 - axi 3 P""’<a)(1 — a)’"-P = 0 - a)"Q(X)1
k=11 kl

where Q(X) is a new polynomial.
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6.74. It should be noted that the representation of the polynomial P(X)
in the form

ialx E P0) = ib..0)(1 - .11)’:
l\‘=II l('=0

where the bl,(u) are polynomials in li, is necessarily unique. Iii fact, suppose
we fix u = all and give X the distinct values Xl,, Xl, . .. ,X,, in tum. Then
T = X — u takes the distinct values Xl, — ul,, Xl — ul,, . . . ,X,, — ul,, and the
values of the polynomial

17

Zbk(I‘I'0)Tk
k=0

are known for these values of T, being equal to P(Xl), P(Xl), . . . , P(X,,). But
then the quantities bl,(ull) are uniquely determined, by Sec. 6.72a. Since this
is true for arbitrary li = all 6 K, the polynomials bl,(u) (k = 0, 1, . . . ,p)
are themselves uniquely determined.

6.75. a. Given two polynomials P(X) and Q(X), we now verify the formulas

(P + Q)""(I») = P"°’(I») + Q""(I1)1 (22)

<PQ)""(11) =§¢’;P"’(0)Q"'"”(0) (23)
i=0

(k = 0, 1, 2, . . .), where

C, /<1
’:i1(/<—i)1

In fact, by definition,

(P + (2)0) i (P + Q)""(11)0 — 0)’:

P0) = E l P""<i1)(1 — 10'“,
i=0 kl

Q0) i Q"“’<11)0 — 0)’:

P0) + Q(X) i IP“"(I») + Q"“’(11)10 ~ 0)".
so that (22) follows from the uniqueness theorem of Sec. 6.74. Similarly,

1’ 1 (Io) 1(PQ)0) =20 I;-, (PQ) (100 T 1*) .
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while on the other hand,

P0) =12, P"’<11)<1 — 0)’. Q(X) iQ‘”01)0 — 0)’.

.. ab/I“QM-R-
P(X)Q(X) = S S % P”’<11)Q"’(1»)0 ~ 10”’

= LP"’(I*)Q"‘"”(I1)l(X — (Uk-1" </< 1')‘Pr‘ 0 - 0

Thus the uniqueness theorem of Sec. 6.74 implies

1 ’” 1 _,-
E (PQ)""(1*) =20 P”’(1*)Q"‘ ’(1*),

which is equivalent to (23).

b. In particular, formula (23) implies the following important

THEOREM. Q’
P"°)(u)=0 (k=0,l,...,m),

then
(PQ)"‘>(i1I)= 0 (k = 0, 1, . . . , m)

for any polynomial Q(X).

6.76. Now suppose we are given a spectrum

S = {1§1,. ..,1I,;"} (1,e1<)
and the corresponding algebra f(S) of jets on S (see Sec. 6.71). Then with
every polynomial P(X) we associate the jet P 6 f(S) which assigns to X, the
numbers

P011), F011), - - - = P(rk_1I()‘k)a

where the P"'l(Xl,) are the derivatives of the polynomial P(X), as defined in
Sec. 6.73. It follows from formulas (22) and (23) that the operations on jets
defined in Sec. 6.71 correspond to the usual operations of addition and multi-
plication of polynomials. Thus the mapping P(X) —>P is a morphism (Sec.
6.24) of the algebra of polynomials II into the algebra of jets f(S). As we
now show, this morphism is an epimorphism, i.e., given any jet f, we can find
a polynomial P(X) such that

P0k) =f0k), F01) =f’0k)1 - - - 1 P("°_1’0k) =f(rk—1’0‘k)

(k=1,...,m).

To prove the assertion, it is enough to consider the case where all the numbers
f"'l(Xl,) vanish except one, corresponding to any given value k = kl. In fact,
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having solved the problem for this case, we need only construct a polynomial
Pl,(X) for each k = 1, . . . , m satisfying the conditions

P1011) =f0.). 1 1 1 .P§.'*""(1i) =f"*""0l.). <24)
i>_$j’(1,)= 0 (s la k;j = 0,1,...,r, -1), (25)

and the solution will then be given by the formula

P0) = P10) + - - - + P110)-
Thus we must find a polynomial Pl,(X) satisfying the conditions (24) and

(25). To this end, we look for Pl,(X) in the fonn

P110) = QkO‘)RlcO‘)1 (26)

where Ql,(X) is a new polynomial and

R110) = I10 — Xl)"1 (27)
s¢k

By Sec. 6.73c, we have

R§.”<1.)=0 <s¢k;i=0,1,111.r.—1),
and hence, by Theorem 6.75b,

i>‘,_3"(1_..)=0 (s¢/<;j=0,1,..., r,.~1)
for any polynomial Ql,(X). Hence the condition (25) is clearly satisfied. We
must still subject the polynomial Pl,(X) to the condition (24). Since

R1¢0k) = 11 01¢ _ ls)“ ¢ 0=

the condition ii I
f01¢) = P11011) = Qk0k)Rk0k)

uniquely determines Ql,(Xl,). Moreover, once Ql,(Xl,) is known, the condition

f’0ii) = P1101) = Qil0k)Rk0k) ‘I‘ Qii0i¢)Ri¢0i¢)

uniquely determines Q,;(Xl,). Continuing in this way, we are able to uniquely
determine all the numbers Ql,(Xl,), Q§,(Xl,), . .. , Q§,"="1’(Xl,). But once these
numbers are known, we can determine the desired polynomial Ql,(X) by
using Taylor’s formula

rl,-1

(2.0) = 2 .iQi"0.)<1 ~ 1..)"1 <28)
i=0 j!

Reasoning backwards, we see that the polynomial Pl,(X) defined by fonnulas
(26)—(28) satisfies the stipulated conditions (24) and (25).

6.77. Next, applying Sec. 6.52d, we find that the algebra f(S) of all
jets defined on the given spectrum S is isomorphic to the factor algebra II/I,
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where I is the ideal in II consisting of all polynomials for which

P"'l(Xl,)=O (k=1,...,m;j=O,1,...,rl,—1).

It follows from Sec. 6.73d that every polynomial P(X) e I is divisible by the
polynomial

T0) = 0 — 1.1)". (29)
and from Sec. 6.73c that every polynomial divisible by T(X) belongs to I.
The ideal I, like every ideal in the algebra II, is generated by the polynomial
in I of lowest degree (see Sec. 6.26), and this polynomial is just T(X) itself.
Hence the algebra f(S) is isomorphic to the factor algebra II/I, where I is
the ideal generated by the polynomial T(X).

6.78. We now use the result of Sec. 6.77 to solve the problem of describing
all invertible elements (Sec. 6.21) of the algebra f(S).

Obviously, a jetf for which f(Xl,) = 0 for at least one value of k cannot
be invertible, since then

(f8)0).) = f0).)g0)1) = 0 9'5 1 = @011)
for every jet g. Thus letfbe a jet such that

/0..)¢0 (/<= 1»--1m),
and let P(X) be the polynomial for which

P(Xl,) =f(Xl,), . . . ,P"I-"l(Xl,) =f<'_'=C‘)(Xl,) (k = 1, . . . , m)

(see Sec. 6.76). This polynomial clearly has no factors in common with the
polynomial T(X) defined by (29), and hence, by Sec. 6.28, there are poly-
nomials Q(X) and S(X) such that

P0)Q0) + T0)-90) E 1- (30)
Let q be the jet corresponding to the polynomial Q(X). Applying the epimor-
phism II -> f(S) constructed in Sec. 6.76 to equation (30), and using the
fact that this epimorphism carries the polynomial T(X) into 0, we find that

fq = 11
i.e., the jet fe f(S) is invertible.

Let u be any invertible jet. Then, as we know from Sec. 6.21, the equation

ux = v

where x is an unknown jet and v any given jet, has the unique solution
x == v/u. We can find an explicit expression for the ratio v/u by successively
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solving the equations
”0k)x0i~) = U011),

"0k)x’0ii) TI‘ "'01.-)x0k) = 1/01¢),

J'
b§oCJju(l)()\k)x(;I-—l)()\k) : v(;I)()\k)

(k=l,...,m;j=0,l,...,rl,-1).

6.79. a. A spectrum S = {X§1,. . . ,Xj,;"} with complex Xl, . . . , X,,, is
said to be symmetric if whenever S contains an imaginary number Xl, = cl, +
iTl,, it also contains the complex conjugate number Xl, = cl, -— iTl, with the
same multiplicity rl,. A jetf = {f ""(Xl,)} defined on a symmetric spectrum S
is said to be symmetric if the numbers f‘1l(Xl,) and f‘j’(Xl,) are complex
conjugates (j = 0, 1, . . . , rl, — 1). If P(X) is a polynomial with real co-
efficients, then the jet defined on a symmetric spectrum by the numbers

P<~0..) c/<=1.1.1.m;i=o.1..11.r,.-1)
is symmetric, since the derivatives P""(X) also have real coefficients and hence

PUIOW) = P<~(i..)1 (31)
Conversely, given a symmetric jet f = {f"')(Xl,)} on a symmetric spectrum
S = {X§1,. . . ,Xj,j"}, we can always find a polynomial Pl,(X) with real co-
efficients such that

P,<,”(1l) =f"’(1,,) (/< = 1, . . . , m;j =0, 1, . . . , rl, -1).
In fact, by Sec. 6.76, we can construct a polynomial P(X) with complex
coefficients satisfying the same conditions. Let P(X) denote the polynomial
whose coefficients are the complex conjugates of those of P(X). Then it
follows from (31) that

%IP‘”(X1) + P""0)1)I = %IP(jIO‘k) + P”’0)1)I = P”’0).) =f"’0)1),

i.e., the polynomial

P00) = %IP0) + 130)]
with real coefficients satisfies the required conditions.

b. The set of all symmetric jets f on a symmetric spectrum S obviously
forms an algebra over the field of real numbers. According to Sec. 6.25d,
this algebra is isomorphic to the factor algebra II/I, where II is the algebra of
all polynomials with real coeflicients and I C II is the ideal consisting of all
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polynomials P(X) 6 II for which

P<j)(Xl,)=0 (k=l,...,m;j=0,l,...,rl,—l),

i.e., the ideal generated by the (real) polynomial

T0) - i111 - 1..)'*1
1,-=1

*6.8. Operator Functions and Their Matrices

In this section we investigate functions of operators, finding matrices
(and corresponding rules of operation) for polynomials of the form P(A)
and rational functions of the fonn P(A)/Q(A), where A is any linear operator
acting in an n-dimensional space C,, (or R,,). In Sec. 6.89 we will extend the
“calculus of operators” to the case of analytic functions of operators.

6.81. Given an operator A acting in an n-dimensional space K,,, let IIA be
the algebra of all operators of the form P(A), where P(X) is some polynomial.
Then IIA is isomorphic to the factor algebra II/IA, where II is the algebra of all
polynomials and IA is the ideal generated by the minimal annihilating poly-
nomial T(X) of the operator A (see Secs. 6.31-6.33). Suppose it is known
that the polynomial T(X) has the factorization

T0) - 0 - 1.)" <32)
in the field K. Then, by Sec. 6.77, the factor algebra II/IA is isomorphic to
the algebra f(S) of all jets defined on the spectrum

s= sl ={1q1,...,1;,-}
(called the spectrum of the operator A). I-Ience the algebra HA is itself iso-
morphic to the algebra f(S). The explicit form of this isomorphism is the
following: To every jetf e f(S) there corresponds the class of polynomials
P(X) e II such that

P"’(1).)=f"’(1)1) (/< =1.111.m;j Z 0.1.- _ _ .ri_1). (33)
and to each of these polynomials there corresponds the same uniquely
defined polynomial operator P(A), which we denote by f(A).

Below we will investigate the explicit form of the matrix of the operator
P(A) for a given minimal annihilating polynomial (32), in the case where the
matrix of A is in Jordan canonical form.



I70 THE cANoN1cAL I-‘ORM or THE MATRIx or A LINEAR OPERATOR CHAP. 6

6.82. First suppose the operator A has a matrix (of order n) of the
special fonn

7,0 1 ()

() 7,0 0
. . . (34)
() () 1

0 ()1,

in some basis of the space K,,. Then A is of the form XOE -1- B, where the
operator B has the matrix

()]...()

011110

According to Example 4.74b, the matrix of B1‘ is

(/<+1)
() 1 () ()

() 0 1 ()

(35
( /<)1 )

where the diagonal consisting entirely of ones has moved over k steps to the
right from the principal diagonal. If P(X) is an arbitrary polynomial of degree
p, then

11 1 l l ‘

P0) = 2 - P""11.)0 - '~o)'“.
k=0 kl

by Taylor’s formula (20’). Replacing X by the operator A, we get the identity

1’ 1 " 1 FP(A) = 2 - P""<1.)(A - ME)" - 2 — P""(1.)B’~1
11-0 kl 11-0 k l

Then, taking account of the expression (35) for the matrix of B1‘, we find that
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P(A) has the matrix

P0.) P0.) §P"0.) (f,;P‘"""(1.)
I 1 'Vl'—2 -0 P( P 0,0 . . . ii Pt )1.) ) M _ 2), 0.)

0 0 0 i>(1,,)
Note that to construct the matrix of P(A) from the polynomial P(X), we only
need the n values P(Xl,), P’(X2), . . . ,P‘"'1)(X,l), where n is the order of the
matrix of A.

6.83. Next suppose the operator A has a quasi-diagonal matrix of order
n, made up of blocks of the form (34), where Xl, takes the values Xl, . . . , X,,,
with corresponding block sizes nl,. . . , n,,,. By the rules for operating on
quasidiagonal matrices (Sec. 4.52), each block of the matrix of the operator
P(A) can be calculated independently. Applying Sec. 6.82, we find that the
matrix ofP(A) is obtained by replacing each block (34) of the matrix of A by
the block (36). Thus to construct the matrix of P(A), we now need the values

P~'>(1,,) (k:1,...,m;j=0,l,...,nl,-1).

6.84. Let A be any operator acting in an n-dimensional complex space C,,.
Then, as on pp. 146-147, there exists a basis in which the matrix of A is
quasi-diagonal, made up of blocks of the form

1,, 1 0 0
0 1,, 1 0

nl-"I - - - - - (k=1,...,ni:j=l,...,rl,), (37)
0 0 0 I

0 0 0---1,.
where the numbers rl, and nlkl are those figuring in table (9). Corrmpondingly,
the spectrum of the operator A is

S: SA ={1l‘,...,1§,{"}.
If

f={f"’0).)} (/<=1.-11.m:j=0.1.--1.r).—1)
is any jet defined on S, then, by Secs. 6.81-6.83, the corresponding operator
/(A) has a quasi-diagonal matrix, in which each block of the fonn (37) is
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replaced by the block

‘I _1_ /1 _ _ _ 1 ('n(.k)—1)f(M) 1(1).) 2f (M) ("gm _ mf (M-)

0 /0.) rm) (,,<_%2),f‘"?*’-*’<x.>. <38)

0 0 0 /0,.)
The isomorphism between the algebras HA and f(S) has now been made
perfectly explicit.

6.85. a. Next we consider functions of an operator A which has a matrix
of order 2m of the form

or 10

——'rc 01

or

——'rcs _ <39)

G T

-—-T G

where cs and 1 are elements of the field K. Introducing the 2 >< 2 matrices
10E= ,A=01

we can write the matrix of A as the following block matrix of order m:
A E 0 - - - 0 0

OAE---O0

000---AE

000---0A
A00---00 0E0---00

0A0---00 i005---00
2.... ..+... ..

000---A0 000---OE
000---0A 000---00|



sac. 6.8 OPERATOR ruucrxous AND THEIR MATRICES I73

Therefore it follows from Sec. 6.82 and the rule for multiplication of block
matrices (Sec. 4.51) that the matrix of P(A) can be written in the form of the
block matrix

P(A) P’(A) %P”(A) (7-£—fiP‘"'“"(A)

0 P(A) P’(A) (7%2_)!P""-*’(A) . (40)

0 0 0 P(A)
b. If the matrix of A is quasi-diagonal, made up of blocks of the form (34)

and (39), then, just as in Sec. 6.83, we deduce that the matrix of P(A) is
obtained by replacing each block by the corresponding block of the form
(36) or (40).

c. In the case where K = R, so that th'e numbers 0, -r and the polynomial
P(A) are real, we can find the explicit form of the matrices P""(A) figuring
in (40). In fact, introducing the matrix

0 l
I: ,

-l 0

we easily verify that I2 = -—E, so that the algebra of real matrices

cs -r Re). Im)\
A=0E+'rI== = ()\=c+i'r)

~—'r cs -—Im)\ Rel

is isomorphic to the ordinary algebra of complex numbers (cf. Example 4.74a).
Hence for any polynomial P(A) with real coeificients we have

Re P(A) lm P(A)
P(A) I P(6E + T!) = __1m P0) Re PO) (X : cs + ir),

and correspondingly

Re P""(7\) Im P<'=>(x)P"‘*(A) = P<">(@E + <1) = .—lm P<’"()\) Re P<'=>(x)

6.86. Let K = R and Kn : Rn. Then, given any operator A acting in
Kn, the minimal annihilating polynomial T(A) has real coefficients and hence
has a symmetric spectrum SA (see Sec. 6.79a). The algebra IIA of operators
of the fonn P(A) is isomorphic to the facior algebra II/IA, where II is the
algebra of polynomials with real coefficients and IA is the ideal generated by the
minimal annihilating polynomial of the operator A. According to Sec. 6.79b,
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this factor algebra is isomorphic to the algebra of symmetric jets on the
spectrum SA. On the other hand, there is a basis in which the matrix of A
is quasi-diagonal, with diagonal blocks of the form (34) and (39). Let f be
any symmetric jet on the spectrum SA. Then it follows from the above
considerations that the corresponding matrix f(A) is obtained by replacing
every block (34) by a block (38) and every block (39) of size 2m by the block
matrix

/‘(A ’A --1 ""*"A>f<> (m 1),.‘ <>

- f<A> (rn—l2—),,1"'"*”<A>

0 0 /(A)
of order n1, where the f<’°>(A) are 2 >< 2 matrices of the form

fa.->(A) : Ref(k)(7\) 1mf(k)(7\)
~—Imf""()\) Ref""()\)

6.87. Given a linear operator A acting in a space C,,, suppose A has the
Jordan canonical fonn (8) specified by the table (9), as on pp. 146-147. We
now look for all invertible operators of the form P(A), where P(X) is a poly-
nomial. It is clear from the form of the operator of the matrix of P(A) in the
Jordan basis of the operator A that the determinant of this matrix is just

H [P(7v.)]"‘. 2'1. = "
k=1 k=1

(cf. Example l.55b). Therefore the operator P(A) is invertible in the algebra
L(C,,) of all linear operators acting in the space C,, if and only if

P(x,,)¢o (k=1,...,m). (41)
Moreover, if the condition (41) is satisfied, then the inverse operator [P(A)]‘1
already belongs to the algebra IIA. In fact, in this case the jet p corresponding
to the polynomial P(X) in the algebra of jets f(SA), i.e., the jet consisting of
the numbers

P”’()\k) (k=1,...,m;j=O,1,...,rk—1),

is invertible in the algebra f(SA), by Sec. 6.78. But then the operator P(A)
is invertible in the algebra IIA, by the isomorphism between the algebras
f(SA) and IIA.
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Again using the isomorphism between the algebras f(SA) and IIA, we
see that if P(A) is invertible, then the equation

P(A)X(A) = Q(A).
where X(A) is an unknown polynomial and Q(X) any given polynomial, has
the unique solution X(A) = Q(A)/P(A). Let x, p and q be the jets corre-
sponding to the polynomials X(A), P(A) and Q(A), respectively, so that in
particularpx = q, x q/p Then according to Secs 6 78 and 6 84 the matrix
of the operator X(A) in the Jordan basis of the operator A is oibtained by
replacing every block of the form (36) by a block of the form

0 pa.) ip<»>)>-=». - <42)
0 0 ‘$0 . . .

1101.)

6.88. The above result can be interpreted somewhat difierently. Given a
spectrum S = {M1, . . . , X13} in the complex plane, 1et@1,(S) denote the set of
all complex rational functions

)1/0) = (L) .P(X)
where P(A) and Q(A) are polynomials, and P(A) has no roots at the points of
the set S. In the set@?,(S) we define the operations of addition of two functions,
multiplication of a function by a complex number, and multiplication of two
functions in accordance with the usual rules, thereby making @l,(S) into an
algebra over the field C. Moreover, we note that every function f(7.) e@l,(S)
has derivatives f'()\), f”(7\), . . . in the usual sense of analysis. Assigning to
each function f(7.) €6Ji,(S) the jet

f={f”’()\k)} (k=1,...,m;j=0,1,...,rk-1),

where f“"(7\,,) denotes the usual jth derivative off(7.), we get a morphism of
the algebra @l,(S) of rational functions into the algebra f(S) of jets on the
spectrum S, in fact an epimorphism, since by Sec. 6.76 the jets corresponding
to just the polynomials Q(A) already fill the whole algebra f(S).

Now let S = SA be the spectrum of some operator A acting in the space
C". Then the algebra IIA of operators P(A) is isomorphic to the algebra of
jets f(SA), and we can extend the given epimorphism @l,(SA) —> f(SA) to
an epimorphism @1,(SA) —> IIA. In other words, we can assign to each
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rational function f(7.) €‘Jl(S) a linear operator f(A) e IIA such that the
correspondence f(7.) —>f(A) is again an epimorphism, where the matrix of
the operator f(A) is given by the rule (42).

6.89. lnstead of the algebra of rational functions, we can consider the
algebra of analytic functions. Thus let 6f(S) be the set of all functions f(7.)
analytic at the points 7.1, . . . , 71",, i.e., analytic in a neighborhood of each
of the points 7.1, . . . ,)\m. Then the set 6f(S) equipped with the usual
operations of addition and multiplication is again an algebra over the field
C, in fact an algebra containing the algebra @l,(S). Analytic functions also
have derivatives of all orders (in the usual sense of analysis), and using them,
we can extend the epimorphism@1,(SA) —> II A constructed in Sec. 6.88 to an
epimorphism 5f(SA) —> IIA. An important feature of this new epimorphism
is that it now involves many transcendental functions of analysis, like e”‘,
cos t-7., sin t.)\, etc. Iff(A) denotes the operator corresponding to the function
f(7.) e €F(SA), then its matrix in the Jordan basis of the operator A is cal-
culated by the same rule (38) as before. We note in particular that the
operator formula

eu,+mA = et1Aet9A

is an immediate consequence of the identity

eu,+¢2»>. : el1}.e1g7\'

and the fact that the mapping 5f(SA) —> IIA is an epimorphism.
The results of Secs. 6.87-6.89, pertaining to linear operators in a complex

space, can be carried over to linear operators in a real space, by using the
real Jordan canonical form and the method of Secs. 6.85—6.86. We leave the
details of this extension to the reader, since no new ideas are involved.

PROBLEMS

1. The matrix of an operator A is of the form

). O O - - - 0 O

1 7. O - - - O O

O l 7\ - - - O O

O00---7.0

000---l7\

in a basis el, e2, . . , en. In what basis does it have Jordan canonical form?
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2. Prove that the matrix A and the matrix A’ (obtained by transposing A) are
equivalent.

3. Find the Jordan canonical form of the matrix

-2 -1 -1 3 2
~4 1 -1 3 2

1 1 0 -3 -2
-4 ~2 -1 5

1 1 1 -3 0
4. Are the operators specified by the matrices

equivalent?

110' 41-1
~OlO,B—~6—l2

002 211

5. Find the elementary divisors of the following matrices of order n:

A1:

7!

0
/1,: 0

0

_1n_

n n—

0 n 3 , A4

0 0 ... n

11---1
01 ,/‘E20

00...l

2 ...1

1 2 0

I

O

0

6. Show that all matrices of the form

A 00¢--a3,,

O00--<1

°‘ "12 a13
0 M aw

O

O

aln

a2n

2 n

3 n

—l

1 0 ,

.. 1

1

2

O

0

1... 1

2 ... 2

3 ... 3 .

0 n
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with arbitrary elements am, aw, . . . are equivalent if the elements am, aza, . . . ,
a,,_1_,, are nonzero.

7. Find the Jordan canonical form of the matrix A satisfying the equation
P(A) = O, where the polynomial P(A) has no multiple roots.

8. Find the Jordan canonical fonn of the matrix A satisfying the equation
P(A) = O, where the polynomial P(A) is an arbitrary polynomial.

9. Prove that if the annihilating polynomial of an operator A acting in the space
R" is of degree 2, then every vector x lies in a plane or line invariant with rmpect
to A.

10. Find all matrices commuting with the m X n1 matrix

a 1 O - - - O O

O a I O O
Am(a): . . . . . . _

O O O a 1

O00-"On

11. Find all m >< n matrices B satisfying the condition

BA,,(a) 1 A,,,(a)B.

12. Find all matrices commuting with quasi-diagonal matrices of the form

A,,,1(a) 0 - - - 0
O Am2(a) ' ' O

O O . . . A,,,k(a)

13. Find all matrices commuting with quasi-diagonal matrices of the form

A,,,1(a1) O - - - O

. A,,,2(a2) . . O
a

0 0 --- A..,<a..>
where the numbers al, a2, . . . , ak are all distinct.

14. Find all matrioes commuting with the general Jordan matrix (8).

15. Under what conditions is every matrix commuting with a given matrix A
a polynomial in A ?



chapter 7

BILINEAR AND
QUADRATIC FORMS

In this chapter, we shall study linear numerical functions of two vector
arguments. Unlike the theory of linear numerical functions of one vector
argument, the theory of linear numerical functions of two vector arguments
(such functions are called bilinearforms) has rich geometric content. Setting
the second argument equal to the first in the expression for a bilinear fonn,
we get an important new kind of function of one variable, called a quadratic
form, which is no longer linear.

The considerations of Secs. 7.1—7.8 pertain to a linear space K over an
arbitrary number field K, while those of Sec. 7.9 pertain to a real linear space.

7.l. Bilinear Forms

7.11. A numerical function A(x, y) of two vector arguments x and y in a
linear space K is called a bilinearform (or a bilinearfimction) if it is a linear
function of x for every fixed value of y and a linear function of y for every
fixed value of x. In other words, A(x, y) is a bilinear form in x and y if and
only if the following relations hold for any x, y and 2:

A(x + Z. y) = A(x. y) + A(z. y).
A(<v<.y) = <*A(x.y). (1

A(x, y -I- 2) = A(x, y) -I- A(x, 2), )

A(x. My) = °@A(x. J’)-

I79
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The first two equations mean that A(x, y) is linear in its first argument, and
the last two equations that A(x, y) is linear in its second argument. Using
induction and the relations (1), we easily obtain the general formula

2:- 3

,_'l\/1* ,_l\/IiA <g1°%xi.g1i51)’1) : °iri'3rA(xi. Yr)» (2)

where xl, . . . , xk, yl, . . . , y,,, are arbitrary vectors of the space K and ozl,
. . . , ozk, I-3,, . . . , I-3", are arbitrary numbers from the field K.

Bilinear forms defined on infinite-dimensional spaces are usually called
bilinearfunctionals.

7.12. Examples

a. If L1(x) and L2(x) are linear forms, then A(x,y) = L1(x)L2(y) is
obviously a bilinear form in x and y.

b. An example of a bilinear form in an n-dimensional linear space with
a fixed basis el, e2, . . . , en is the function

;M= .l"1*A(x» Y) = _ aikiiflr.

where
‘VI 71

X : Z £13.". Y : 2WI.~@i-
i=1 i-=1

are arbitrary vectors and the aw (i, k = I, 2, . . . , n) are fixed numbers.

7.13. The general representation of a bilinear form in an n-dimensional
linear space. Suppose we have a bilinear fonn A(x, y) in an n-dimensional
linear space Kn. Choose an arbitrary basis e1,e2, . . . ,e,, in Kn, and write

A(e,,e,,)=a,,, (i,k=1,2,...,n).

Then for any two vectors
1L 71

-Y = Z £13.". Y Z 2911311»
i=1 1,-=1

it follows from (2) that

:l‘/1’HI‘/13
mA(x. Y) : Ez@¢»i‘%@1.) 2 ,_ E ="fi1¢A(e1'> ek)

T i fiat im (3)" k Ir‘
i=1k>1

Thus the most general representation of a bilinear form in an n-dimensional
linear space has already been encountered in Example 7. l2b.
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The coefficients a,»,, form a square matrix

an a12 ' ' ’ am

A=A<.,= “*‘ “*2 "2" =|1a..||
anl an2 ' ' ' arm

which we will call the matrix of the bilinear form A(x, y) in (or relative to)
the basis {e} = {el, e2, . . . , en}.

7.14. Symmetric bilinear forms. A bilinear form is called symmetric if

A(x. Y) = A()/.16)
for arbitrary vectors x and y. If the bilinear form A(x, y) is symmetric, then

aik = A(ei» ex) = A(ek» er) = am,

so that the matrix A“, of a symmetric bilinear form in any basis el, e2, . . . , e,,
of the space K,, equals its own transpose A1,). It is easily verified that the
converse is also true, i.e., if A(B, = Au, in any basis el, e2, . . . , e,,, then the
form A(x, y) is symmetric. In fact, we have

... 2:-[\/1: “.9
a-A()’a x) => g_1a.-imtii. =,g_1ai.m-'51. = imi. = A(x» Y)»

as required. In particular, we have the following result: If the matrix of the
bilinear form A(x, y) calculated in any basis equals its own transpose, then
the matrix of the form calculated in any other basis also equals its own
transpose. A matrix which equals its own transpose will henceforth be
called symmetric.

7.15. Transformation of the matrix of a bilinear form when the basis is
changed.

a. Of course, if we transform to a new basis, the matrix of a bilinear
form changes according to a certain transformation law. We now find this
law. Let Am = l|a,»,,|| be the matrix of the bilinear form A(x, y) in the basis

{e};_"{e1s e2’ ' ' ' a en}!

and let Am = Ilb,-,,|| be the matrix of the same form in the basis

Iflifilv“ ' hfn}

(i, k = 1, 2, . . . , n). Assuming that the transformation from one basis to
the other is described by the formula

1. =j;11>§"e. <1 =1,2,._..~>
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with the transformation matrix P = ||p§."’||, we have

1». = A</.1.) = A(Z11>‘."e,-,l21 We.)-
= Z 1>§"’1>l”’A(@.. er) = Z 1>‘."1>§”’¢1..-

i_1=1 i.l=1

This formula can be written in the form

:M=.M=‘Q11.. = $”'a..1>§*’. (4)
where pl” = pj“ is an element of the matrix P’ which is the transpose of P.
Equation (4) corresponds to the following relation between matrices (see
Sec. 4.43):

Am = P’/41.1P» (5)
b. Since the matrices P and P’ are nonsingular, it follows from Corollary

4.67 that the rank of the matrix Am equals the rank of the matrix Am, i.e.,
the rank of the matrix ofa bilinearform is independent of the choice of a basis.
Hence it makes sense to talk about the rank ofa bilinearform. A bilinear form
A(x, y) is said to be nonsingular if its rank equals the dimension n of the
space K".

c. Let A(x, y) be a nonsingular bilinear form. Then, as we now show,
given any vector xo ¢ 0, there exists a vector yo e K" such that A(xo, yo) ¢ 0.
Suppose to the contrary that A(xo, y) = 0 for every y e K,,, and construct a
basis el, e2, . . . , e,, in the space K" such that e1 = xo. Then the matrix of
the form A(x, y) in this basis is such that

alm = A(e1a em) = A(x0a em) = 0»

so that the whole first row of the matrix consists of zeros. But then the rank
of the matrix is less than n, contrary to the hypothesis that A(x, y) is non-
singular. This contradiction proves our assertion.

d. Note that a form A(x, y) which is nonsingular in the whole space K
may be singular in a subspace K’ C K. For example, the form

A(x»)/)'= E1‘/11 " E2712

is nonsingular in the space R2, wherex = (E1, Z2), y = (hl, ha). However, it
vanishes identically in the subspace R; C R2 where Z1 = Z2 (and nl = nz).

e. It follows from (5) and Theorem 4.75 on the determinant of the product
of two matrices that

det Am 2 det Am (det P)2. (6)
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7.2. Quadratic Forms

One of the basic problems of plane analytic geometry is to reduce the
general equation of a second-degree curve to canonical form by transforming
to a new coordinate system. The equation of a second-degree curve with
center at the origin x = 0, y = 0, has the familiar form

Axz + 2Bxy + Cy” = D. (7)

A coordinate transformation is described by the formulas

x = aux’ + any’,

y = aux’ + any’,

where an, am, an, a22 are certain numbers (usually sines and cosines of the
angle through which the axes are rotated). As a result of this coordinate
transformation, (7) takes the simpler form

A’x’2 + B’y’2 = D.

An analogous problem can be stated for a space with any number of dimen-
sions. The solution of this and related problems is the fundamental aim of
the theory of quadratic forms, which we now present.

7.21. We begin with the following definition:

A quadraticform defined on a linear space K is a function A(x, x) of one
vector argument x eK obtained by changing y to x in any bilinear form
A(x,y) defined on K.

According to (3), in an n-dimensional space K,, with a fixed basis {e} =
{el, e2, . . . , en}, every quadratic form can be written as

...l\/1:
[\/I:A(x’ x) Z aikE:i€I:a

=1k=1

where Z1, Z2, . . . , Z" are components of the vector x with respect to the
basis {e}. Conversely, every function A(x, x) of the vector x defined in the
basis {e} byformula (8) is a quadraticform in x. ln fact, we need only introduce
the bilinear form

ilvie iM=B(x, Y) = _ _¢1.¢.€.-*1»,

where n1, n2, . . . , nn are the components of the vector y with respect to the
basis {e}. Then the function A(x, x) is obviously just the quadratic form
B(x, x).
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7.22. We can write the double sum (8) somewhat difierently by combining
similar terms. Let b,-A = a,-,- and b,»,, = a,»,, + ah,» (i ¢ k). Then, since

aikzizk -I" a1..E1.€. = (an; aki)€i€k = bfkiiika

the double sum (8) can be written as

A(x1 x) =2 Z bargain»
;;=1 iék

and has fewer terms. It follows that two difierent bilinear forms

A(x, Y) = Z arrimk. C(x» Y) = Z cikgink
¢.1=1 i'.1=1

can reduce to the same quadratic form after y is replaced by x. All that is
necessary is that a,»,, + ah,» = c,»,, + ck,» for arbitrary i and k.

Thus, in general, we cannot reconstruct uniquely the bilinear form
generating a given quadratic form. However, in the case where it is known
that the original bilinear form is symmetric, it can be reconstructed. In fact,
if a,»,, = ah, then the relation a,»,, + ah,» = b,,, (i ¢ k) uniquely determines the
coeflicients a,»,,, i.e.,

I
an : an = E bu: (I ¢ k)» (9)

while for i = k we have
an = bu» (9’)

so that the bilinear form itself is uniquely determined. This assertion can
be proved without recourse to bases and components. In fact, we have

A(x + 1. X + 1) = A(x. x) + A(x. 1) + A(y. x) + A(y. 1)
by the definition of a bilinear form, and

A(x. 1) = §1A<x. 1) + A<1. x)1 = §1A<x + 1, x + 1) - A(x, x) - A<1,1)1
by the assumption that A(x, y) is symmetric. Hence the value of the bilinear
form A(x, y) for any pair of vectors x, y is uniquely determined by the values
of the corresponding quadratic form for the vectors x, y and x + y.

On the other hand, to obtain all possible quadratic forms, we need only
use symmetric bilinear forms. In fact, if A(x, y) is an arbitrary bilinear form,
then

I
A1(xa = E [A(x, + x)l

is a symmetric bilinear form, and

IA1(x, x) == E [A(x, x) + A(x, x)] = A(x, x),

i.e., the quadratic forms A1(x, x) and A(x, x) coincide.
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7.23. These considerations show that in using bilinear forms to study
the properties of quadratic forms, we need only consider symmetric bilinear
forms, with corresponding symmetric matrices ||a,,,||, an, = ah. By the
matrix of the quadratic form A(x, x), we mean the symmetric matrix A =
||a,,,|| of the symmetric bilinear form A(x, y) corresponding to A(x, x). When
the basis is changed, the matrix A of the quadratic form A(x, x) transforms
just like the matrix of the corresponding symmetric bilinear form A(x, y), i.e. ,

Am = P’/Imp,

where P is the matrix of the transformation from the basis {e} to the basis
{f}. In particular, the rank of the matrix of a quadratic form does not depend
on the choice ofa basis. Therefore we can talk about the rank of a quadratic
form A(x, x), understanding it to mean the rank of the matrix of A(x, x) in
any basis of the space K". A quadratic form whose rank equals the dimension
n of the space K,, is said to be nonsingular.

7.3. Reduction of a Quadratic Form to Canonical Form

7.31. Suppose we are given an arbitrary quadratic form A(x, x) defined
on an n-dimensional linear space K". We now show that there exists a basis
{f} = {f1,fl, . . . ,f,,} in K,, such that given any vector

x = Zmf»
k=1

the value of the quadratic form A(x, x) is given by

A(x. x) = mi + mi + ' - - + mi. (10)
where 7.1, 72, . . . , 71,, are certainfixed numbers. Every basis with this property
will be called a canonical basis of A(x, x), and the expression (I0) will be
called a canonicalform of A(x, x). In particular, the numbers 7.1, 72, . . . , 71,,
will be called canonical coeflicients of A(x, x).

Let {el, e2, . . . , en} be an arbitrary basis of the space K,,. If

x Z Zikelpa
l\"=1

then, as we have already seen, A(x, x) can be written in the form

A(x, x) _§kb..z.z..- (11)
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According to Sec. 5.22, our assertion will be proved if we can write a system

W1 =P11€1 ‘l‘P12€2 -I‘ ' ' ' +p1n€ns

W2 =P21€1 ‘l‘P22€2 -I‘ ' ' ' _i_p2'n€'n9 (12)

nu =Pn1€1 ‘l‘Pn2€z + ' ' ' + pnnin

with a nonsingular matrix P= |lp,,,l| such that expressing the variables
hl, *q2, . . . , nu appearing in (ll) in terms of Z1, Z2, . . . , in has the efiect
of transforming (ll) into the form (I0). We will carry out the proof by
induction on the number of variables Z,» actually appearing in (I I), i.e., those
which have nonzero coeflicients, assuming that every form containing m —— I
variables Z1, Z2, . . . , Z,,,_1, say, can be reduced to the canonical form (I0)
with n = m ~ I, by making a transformation (I2) also with n = m — I.

If (ll) actually contains only one variable Z1, say, i.e., if (ll) has the
form

A(x» x) : bniii

then the induction hypothesis is satisfied for any choice ofpm ¢ 0. Consider
a form (ll) which actually contains m variables Z1, Z2, . . . , Em. First we
assume that one of the numbers bu, b22, . . . , bmm, say bmm, is nonzero, and
we group together all the terms in (I I) which contain the variable Em. This
group of terms can be written in the form

blmglgm + b2m€2€m + i ' . + bm—1,m€m—1€m + bmmzjn

mm zbmm 1 zbmm 2 zbmm m—1 m 1 a a

where A1(x, x) denotes a quadratic form which depends only on the variables
Z1, Z2, . . . , Z,,,_1. Now consider the coordinate transformation

"71 = £1»

T2 Z £2,

Tm—1 €’m—1a

_ blm bim bm—l,m
Tm M zbmm £1 + zbmm £2 + + zbmm €m_1 + gm-

The matrix of this transformation is nonsingular (its determinant is actually
1). In the new coordinate system, A(x, x) clearly has the form
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where the quadratic fonn B(x, x) depends only on the variables ‘:1, -r2, . . . ,
'rm_1. By the induction hypothesis, there exists a new transformation

‘fii = P1171 + P1272 ‘l‘ ' ' ' ‘l‘ P1.m-1"7m-11

W2 = P2111 -I" P2212 -l- ‘ ‘ ‘ -I" P2.m-1‘Fm-11 (127)

‘Wm-1 =Pm-1,171 + Pm-1.2172 + ' ' ' -l‘Pm-1,m-17m-1,

with a nonsingular matrix P = “Pall, which carries B(x, x) into the canonical
form

B(x1 x) = 7\m1 + Mn: ‘l‘ ' ' ' ‘l‘ )‘m—1n€n—1"

If we supplement the system of equations (l2') with the additional equation
*qm = -rm, we obtain a nonsingular transformation of the variables -rl, -:2, , _ , ,
-rm into the variables nu n2, . . . , nm, which carries A(x, x) into the canonical
fonn

A(x, x) = B(x, x) + bmmlrzm =1 7\1'fii‘l“ + . - ' + )\m—1nfn—1 + bmmnfw

According to Sec. 5.33, the direct transformation from the variables {E} to
the variables {n} is accomplished by using the matrix equal to the product
of the matrix of the transformation from {-r} to {n} and the matrix of the
transformation from {E} to {'r}.'l' Since both of these matrices are nonsingular,
the product of the matrices is also nonsingular.

We must still consider the case of a quadratic form A(x, x) in m variables
E1, E2, . . . , Em which has all the numbers bu, b22, . . . , bmm equal to zero.
Consider one of the terms b,»,,E,~E,, with a nonzero coeflicient, say b12 ¢ 0.
Then carry out the following coordinate transformation, where for conve-
nience we write the transformation from the new variables to the old variables:

E1 = ii + El.
E2 = ii — Eé.
£3 2 iii’

E... = E2.-
The determinant of the matrix of the transformation (I4) equals -2, and hence
this transformation is again nonsingular. The term b12E1E2 is transformed into

b12£1€2 = 1712512 _ 17125112»

so that two squared terms with nonzero coefficients are produced simultane-
ously in the new form. (Clearly these terms cannot cancel any of the other

1“ {E} is shorthand for the set {Eu E2, . . . , Em}, {1}} for the set (11,, 11,, . . ., 11",}, etc.
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terms, since all the other terms contain a variable E; with i > 2.) We can
now apply our inductive method to the quadratic form (ll) written in the
new variables Eg.

Thus, finally, we have proved our theorem for any integer m = I, 2, . . . .
In particular, the case m 2 n suflices to prove the theorem for an arbitrary
quadratic form in an n-dimensional space.

The idea of our proof, i.e., consecutive splitting ofi of complete squares,
can be used as a practical method for reducing a given quadratic form to
canonical form. However, in Sec. 7.5 we will describe another method, which
permits us to obtain directly both the canonical form and the vectors of the
canonical basis.

7.32. Example. To reduce the quadratic form

A(x» x) = -I" 6€1£2 + 5&2 _ 4€1€a _ lzieia + 4&3 _ 4€2£4 _ sgaiq _

to canonical form, we first complete the square in the group of terms con-
taining E1, writing

W1 2&1 -I‘ 3&2 “ 2&3-

Then the form is transformed into

A(x. X) = ni ~ 4€§ - 452E. ~ 35351 - Ei-
Next we complete the square in the group of terms containing E2, writing

W2 = 2&2 + £4-
This reduces the form to

A(x, x) = Wi " Wii " 8€3€4-
There are no squares of the variables E2 and EA. Hence we write

E3 : W3 7 W4.

£4 : W3 -I‘ W4,

so that E2EA 2 ng ~ 1r,§. Thus the form A(x, x) is reduced to the canonical
form

A(x. X) = ni — ni — 8n§ + 8ni
by the transformation

W1 = £1 -I‘ 3&2 " 2&3,

W2 = 2&2 + £4»

W3 2 2&3 + 2&4»

W4 = "T253 -I‘ 2&4-

It is apparent from the construction that this transformation is nonsingular,
a fact which is easily verified directly.
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7.33. a. Neither the canonical basis nor the canonical form of a quadratic
form is uniquely determined. For example, any permutation of the vectors
of a canonical basis gives another canonical basis. In Sec. 7.5 it will be shown,
among other things, that with a few rare exceptions a canonical basis for a
given quadratic form can be constructed by choosing an arbitrary vector of
the space as the first vector of the basis. Moreover, if A(x, x) is written in
the canonical form

A(x’ x) 2 KIWI + WZWZ + ' ' ' + )\nW3n

where nu n2, . . . , nm are the components of the vector x, then the trans-
formation

W1 = @1171,

W2 = °‘2"72.

W11 1 afllrfl

(where 0&1, 012, . . . , am are fixed numbers all difierent from zero and ‘rl, :2,
. . . , -rm are new components) carries A(x, x) into the new form

A(x, x) = (1.1%? + ().1€)1€ + - -- + <).15)1;i,
which is also canonical but has dilferent coeflicients. Hence there still remains
the problem of describing all the canonical forms to which a given quadratic
form can be reduced. This problem can be made more precise if we restrict
the definition of a canonical form (as for example will be done in Sec. 7.93
for the case of a real space) or if we restrict the class of admissible coordinate
transfonnations (as for example will be done in Sec. 10.1 for the case of a
Euclidean space).

b. It should be noted that in the preceding example the number of non-
zero coeflicients remains unchanged when we transform from the variables
{n} to the variables {-r}. In general, the number of nonzero canonical
coeflicients is obviously the rank of the matrix of the quadratic form in the
corresponding canonical basis. Since the rank of the matrix of a quadratic
form does not depend on the choice of a basis (Sec. 7.23), the number of
nonzero canonical coeflicients ofa quadraticform does not depend on the choice
of a canonical basis. Moreover, this number obviously coincides with the
rank of the quadratic form (Sec. 7.23). Thus from a knowledge of a quadratic
form A(x, x) in any basis {e}, we can predict the number of nonzero canonical
coeflicients of A(x, x) in any canonical basis, namely the rank of A(x, x).
In particular, the canonical coefiicients of a nonsingular quadratic form are
all nonzero in any canonical basis.
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7.4. The Canonical Basis ofa Bilinear Form

7.41. a. The vector x1 is said to be conjugate to the vector yl with respect
to the bilinear form A(x, y) if

A(x1> Y1) = 0-

In this case, yl is also said to be conjugate to x1.

b. Let ||a,,,|l be the matrix of the form A(x, y) in any basis el, e2, . . . , en.
Then, if

x1 = 2 E.-er. Y1 =ZWi=e;.-,
i=1 k=1

the condition for x1 and y, to be conjugate can be written in the form
Tl

A(x1» Y1) = Z ai»€iWrt = 0-
i.lt‘=1

c. If the vectors xl, x2, . . . , x,, are all conjugate to the vector yl, then
every vector of the linear manifold L(x1, x2, . . . , x,,) spanned by xl, x2, . . . ,
x,, is also conjugate to yl. In fact, it follows from the properties of a bilinear
form that

A(°‘1-x1 + 052-x2 + ' ' ' ‘I’ 95;;-xiv Y1)

= °‘1A(x1» Y1) -I" °i2A(x2» Y1) 'l‘ ' ' ' ‘l‘ °%A(x1t» Y1) = 0-

A vector yl conjugate to every vector of a subspace K’ C K is said to be
conjugate to the subspace K’.

d. The set K” of all vectors yl 6 K conjugate to the subspace K’ is obviously
a subspace of the space K. This subspace K” is said to be conjugate to K’.

7.42. A basis el, e2, . . . , em of the n-dimensional space K,, is called a
canonical basis of the bilinear form A(x, y) if the basis vectors are conjugate
to each other, i.e., if

A(e,, e,,) : 0 for i¢ k.

For example, in the space V2 let the bilinear form A(x, y) be the scalar
product of the vectors x and y. Then to say that x and y are conjugate with
respect to A(x, y) means that x and y are orthogonal. In this case, any
orthogonal basis of the space V2 is a canonical basis.

7.43. The matrix of a bilinear form relative to a canonical basis is
diagonal, since

a,-2. = A(e,~, e2.) : 0 for i¢ k.
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Since a diagonal matrix coincides with its own transpose, a bilinear form
which has a canonical basis must be symmetric. (We recall from Sec. 7.14
that whether or not the matrix of a bilinear form is symmetric does not
depend on the choice of a basis.) Conversely, we now prove that every
symmetric bilinear form A(x, y) has a canonical basis. To sec this, consider
the quadratic form A(x, x) corrmponding to the given bilinear form A(x, y).
We know that there exists a basis el, e2, . . . , em in the space Km in which
A(x, x) can be written in the canonical form

A(x, x) = 1.-at
It follows from formulas (9) and (9'), p. I84 that the corresponding symmetric
bilinear form A(x, y) takes the canonical form

,_l\/l=Z’gr5 3’ /5 7-‘ 5.’)A(x. 1) = S
in this basis, where

Tl

Y = ;1Wi‘ei‘.

and hence its matrix is diagonal. But thisjust means that the basis el, e2, . . . ,
em is canonical for the form A(x, y), and our assertion is proved.

7.44. In analytic geometry it is shown that the locus of the midpoints of
the chords of a second-degree curve which are parallel to a given vector is a
straight line. We now prove this theorem. A second-degree curve in the
x1x2-plane has an equation of the form

2 2
a11x1 -I" 2a12x1x2 + a22x2 + b1x1 + b2x2 -I" 4' = 0

or
A(x, x) + L(x) + c = 0,

where
A(x» x) = anxi + 2a12x1x2 + (122752

is a quadratic form and
L(x) = blxl + b2x2

is a linear form in the vector x = (xu x2). Let x be the vector giving the
position of the midpoint of a chord parallel to a fixed vector e. This means
that the equations

A(x-I-te,x+te)-I-L(x+ te)+ c=0, (16)

A(x —te,x——te)-I-L(x——te)+ c=0
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are satisfied for some t¢ 0. Let A(x, y) be the symmetric bilinear form
corresponding to the quadratic form A(x, x). Then we can write (I6) as

A(x, x) + 2tA(x, e) + t2A(e, e) + L(x) + tL(e) + c = 0,
A(x, x) — 2tA(x, e) + t2A(e, e) + L(x) - tL(e) + c = 0.

Subtracting the second equation from the first and dividing by 2t, we get

2A(x, e) + L(e) = 0. (I7)

This equation is linear in x and hence determines a straight line in the x1x2-
plane, thereby proving the theorem.

Let x’ be another point of the same line, so that

2A(x’, e) + L(e) = 0. (I8)

Then subtracting (I8) from (I7), we get

A(x - x’, e) = 0,

i.e., the vector e and the vector x — x’ determining the direction of the
straight line in question are conjugate with respect to the bilinear form
A(x, y), in the sense of Sec. 7.41.

7.45. Let el, . . . , em be a canonical basis of the form A(x, y) in a k-
dimensional subspace K’ C K, and let 1-:1, . .. ,1-:,, be the corresponding
canonical coeflicients. Expressing the numbers A(x,e,.) in terms of the
components of a vector x e K’, we get

2. I:
A(x» er) = A(Z1€;@;» er) =21E.;A(@,', er) = €iA(eia er) = Sign

1 I

so that the numbers A(x, e,) are uniquely determined by the components of
the vector x. If the form A(x, y) is nonsingular in the subspace K’, then the
numbers c,» are all nonzero. In this case, the converse is also true, i.e., the
values A(x, e,») of the form A(x, y) uniquely determine the components of
the vector x.

7.5. Construction of a Canonical Basis by Jacobi’s Method

7.51. The construction of a canonical basis given in Sec. 7.31 has the
drawback that the components of the vectors of a canonical basis and the
corresponding canonical coeflicients 7., cannot be determined directly from a
knowledge of the elements of the matrix Am of the symmetric bilinear form
A(x, y) in a given basis {f} = {f1,fl, . . . ,f,,}. .lacobi’s method, which will
now be presented, dom allow us to do just this. However, we must now
impose the following supplementary condition on the matrix Am: The
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descending principal minors of Am of order up to and including n - I, i.e.,
the principal minors of the form

a11 a12
81 = a11» 82 = 1 1

(121 a22

a11 a12 ' a1.»-1

(121 a22 ' a871-1 :__ _ 2.n—1 ’

an—1.1 an—1.2 ' ' ' an—1.n—1

must all be nonvanishing.

7.52. The vectors el, e2, . . . , em are constructed by the formulas

e1 = f1»
) -.

92 = °‘i1f1 +12»

e3 = °1i2)f1 + @2272 ‘l‘,/3»
. . . . . . . . . . . . . . . . .

@;,+1 = <7-iki/'1 + 12"-ifa -I" flgkifs + ' ' ' -I" °!j;’"f;, "l‘f1t-+1,

en Z a1"_”.f1 + 7';’L_1).f2 + ai1n_1).f3 + - - - + ailiqnfn-—1 +.fna

where the coefficients oil?" (i = I, 2, . .. ,k; k =1, 2,. . . , n -1) are still
to be determined. First of all, we note that the transformation from the
vectors fufl, . . . ,f,, to the vectors el, e2, . . . , ek is accomplished by using
the matrix

10 0 00
11;" 1 0 00

9

apt-1) mgr-1) aé1¢—1) 041:1) 1

whosedeterminant is unity. Hence fork = I, 2, . . . ,nthe vectorsfufl, . . . ,
f,. can be expressed as linear combinations of e, , e2, . . . , e,,, so that the linear
manifold L(f,,fl, . . . ,f,,) coincides with the linear manifold L(e1, e2, . . . , eh).

We now subject the coeflicients oz?" (i = I, 2, . . . , k) to the condition
that the vector emu be conjugate to the subspace L(e,, e2, . . . , em). A
necessary and sufficient condition for this is that the relations

A(e2.+1,f,) = 0, A(e,,+,,fl) = 0, . . . , A(e,,+,,f,,) = 0 (21)
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be satisfied. In fact, it follows from (21) that the vector e,,+1 is conjugate to
the linear manifold spanned by the vectorsfufl, . . . ,f,,, which, as we have
just proved, coincides with the linear manifold spanned by the vectors
e,, e2, . . . , eh. Conversely, if the vector e,,+1 is conjugate to the subspace
L(e1, e2, . . . , em), it is conjugate to every vector in the subspace, in particular,
to the vectorsfufl, . . . ,f,,, so that the conditions (21) are satisfied.

Substituting the expression (20) for e,,+1 into (21) and using the definition
of a bilinear form, we obtain the following system of equations in the
quantities at?" (i = I, 2, . . . , k):

A(@1=+1»f1) = °°ik)A(f1.f1) "I" °<2’”A(f2»f1) "'1' ' ' ' "I" <7-i=’”A(f1=»f1) "I" A(f1=+1»f1) =0»

A(ert+1»f2) = °‘ik)A(f1»f2) + °i2k)A(f2»f2) + ' " ‘l‘ °‘irk)A(f1t»fi) ‘l‘ A(f1i+1»/2) = 01

A(e1t+1» fit) = °‘ik)A(f1.f») ‘l‘ °‘2k)A(f2»f1=)‘l‘ ' " ‘l‘ °‘itMA(f1r1f1t) ‘l‘ A(fk-1-1.f1t) = 0-

(22)
By hypothesis, this nonhomogeneous system of equations with coefficients

A(f,~,f,»)=a,-,- (i,j=l,2,...,k)

has a nonvanishing determinant, and hence can be solved uniquely. There-
fore we can determine the quantities oz?” and thereby construct the desired
vector emu. To determine all the coeflicients oz?” and all the vectors e,,, we
must solve the appropriate system (22) for every k. Thus, in all, we must
solve n — I systems of linear equations.

Let E1, E2, . . . , Em denote the components of the vector x and n1, n2,
. . . , nm the components of the vector y with respect to the basis el, e2, . . . ,
em just constructed. Then the bilinear form A(x, y) becomes

A(x, 1) = 1.-2.-1. <23)
in this basis.

7.53. To calculate the coefficients 71,, we argue as follows: Consider the
bilinear form A(x, y) only in the subspace Lm = L(e1, e2, . . . , em) where
m < n. The form A(x, y) clearly has the matrix

"11 a12 am

(121 a22 @2111

aml am2 ' ' ' amm
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in the basisfufl, . . . ,fm of the subspace Lm and the matrix

A1 Q . . . 0

0 A2 . . . 0

0 0 Am

in the basis el, e2, . . . , em. As we have seen, the matrix of the transformation
(20) from the basisf1,j2, . . . ,fm to the basis el, e2, . . . , em has determinant
1. Hence by equation (6), p. 182 we must have

an a12 ' ' ' am 7\1 0 ' ‘ ‘ 0

(121 a22 ' ' 112m 0 7\2 ' ' ' 0
det = det ,

am, am2 -- amm 0 0 71m

or, in the notation (19),

8m=7.17\2---71m (m=1,2,...,n)

(8,, = det Am). It follows immediately that

s s 2:,
7\1=81=a111 72:?’ 7\3=§3, ---» 7\n=§—- (24)

1 2 11-1

Using (24), we can find the coefficients of the bilinear form A(x, y) in a
canonical basis without calculating the basis itself.

7.54. Consider once again the kth equation in the system (20), which we
write in the form

fk+1 = "°‘ik)f1 _ ' ' ' " °‘i=k)f» *1‘ e1i+1 = 31. -1" er.-+1»

where gm lies in the subspace L(fu . . . ,fm) and emu is conjugate to this
subspace. The coeflicients 0111'", . . . , affi are uniquely determined by the
system (22) subject to the condition that det ||A(f,,f,)l| ¢ 0 or, equivalently,
that the form A(x, y) be nonsingular in the subspace L(f1, . . . ,fm). Since the
vector f,,+1 is arbitrary in this construction, then, writing

f=fit+1> g : git’ h : ek+1’ L(.f1’ ' ' ' afk) = K’ C K»

we arrive at the following

THEOREM. Suppose the bilinear form A(x, y) 1's nonsingular in a subspace
K’ C K, and suppose the vector f does not belong to K’. Then there exists a
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unique expansion
f= g + '1» (25)

where g e K’ and h is conjugate to the space K’.

7.55. Let K” denote the subspace conjugate to the subspace K’ with
respect to the form A(x, y). Then the existence and uniqueness of the expan-
sion (25) shows that the whole space K is the direct sum of the subspaces K’
and K” (see Sec. 2.45). Thus, given a subspace K’ C K in which a bilinear
form A(x, y) defined on the whole space K is nonsingular, K can be written
as the direct sum

K = K’ + K”,
where K” is conjugate to K’ with respect to the form A(x, y).

7.6. Adjoint Linear Operators

7.61. Let (x, y) denote a fixed nonsingular symmetric bilinear form in
the space Km Let A and B be linear operators acting in Kn, and use the
formulas

A<x.1) = <Ax.1), Bo. 1) = (x. B1)
to define functions A(x, y) and B(x, y) of two vector arguments x and y.
Then A(x,y) and B(x,y) are bilinear forms. In fact, it follows from the
definition of a linear operator (Sec. 4.21) and the definition of a bilinear
form (Sec. 7.11) that

A(x1 -1" x2»Y) = (A(X1 -1" X2)» Y) = (A-Y1 -1" A752» Y)

= (Axvy) + (Axz. 1) = A(x1. 1) + A(x.» 1).
Aw. 1) = (A(¢x). 1) = WAX. 1) = ¢(Ax. 1) = 2A(x, 1).

which shows that A(x, y) is linear in its first argument. Similarly, the
linearity of A(x, y) in its second argument is a consequence of the linearity of
(x, y) in y. Then A(x, y) is a bilinear form, and similarly so is B(x, y).

Next let e,, . . . , em be a canonical basis of the form (x,y), so that

(@1132) = 0 if jik.

(em, em) = am 6 K, am ¢ 0.

We now compare the matrix of the operator A with that of the form A(x, y)
in this basis. The matrix |la}f’|| of the operator A is defined by the formula

A6. =Za§.”@. (1 = 1,. . A .11),
k=1
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where here (in contradistinction to the notation adopted in Sec. 4.23) the
superscript indicates the row number and the subscript the column number.
The matrix ||a,,,|| of the form A(x, y), where the first subscript indicates the
row number and the second the column number, is defined by the formula

a,-m = A(e,-, em) = (Ae,-, em) = <g1a§,”e,,, em) = a(,§,’(em, em) = 1-zmaij’. (26)

Hence the mth column oi the matrix ||a,m|l is obtained (for every m = 1, . . . ,
n) by multiplying the mth column of the matrix |la§j,"|| by the canonical
coefficient 1-:m of the form (x, y). Similarly, for the matrix ||b§,” || of the operator
B (in the same basis el, . . . , em) and the matrix I15,-1,11 Of the form B(x, y),
we get

b,-m = B(e,, em) = (ej, Bem) = (em 21b§,"”e,,) = bl-””(e,-, e,) = 1-:,b(/’”, (27)
2:

i.e., thejth row of the matrix ||b,m|| is obtained (for everyj = 1, . . . , n) by
multiplying thejth column of the matrix of the operator B by the correspond-
ing canonical coeflicient 1-:,.

7.62. Conversely, given two bilinear forms A(x, y) and B(x, y) in the
space Km, we assert that there exist unique linear operators A and B such that

A(x,y) = (AL Y). B(x» Y) = (X. By) (23)
To show this, we specify A and B in the same basis el, . . . , em by the matrices
with elements

,,, 1 m 1 .
ah ) = — A(e:i> em)» ) : _ Bieiv em)’

Em El

respectively. We then use these operators to construct the forms A1(x, y) =
(Ax, y) and B1(x, y) : (x, By). It follows from Sec. 7.61 that the matrix
of the form A1(x, y) coincides with the matrix of the form A(x, y) in the
basis e,, . . . ,e,,, while the matrix of the form B,(x,y) coincides with the
matrix of the form B(x, y). But then

(Any) = A1(x. 1) = A(x. 1). (X. By) = B1(x.y) = B(x,y)
for arbitrary x, y e K,, (recall Sec. 7.13), so that the operators A and B satisfy
(28). To prove the uniqueness, we need only verify that if an operator A
satisfies the condition

(Ax, y) 2 0 for arbitrary x, y e Km (29)

then Ax I 0 for every x eK,,, so that A is the Zero operator. Suppose
Axo qé 0 for some xoeK,,. Then, since the fonn (x, y) is nonsingular, it
follows from Sec. 7. 15c that there is a vector yo e Kn such that (Axo, yo) ¢ 0.
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This contradicts (29) and establishes the required uniqueness of A. The
uniqueness of B is proved similarly.

7.63. We now prove the following important

THEOREM. Let (x, y) be a nonsingular symmetric bilinear form in the space
Km Then, given any linear operator A acting in Kn, there exists a unique
linear operator A’ acting in K,, such that

(AX. 1) = (x. A’y)
for arbitrary x, y e Km The matrix of the operator A’ in any canonical basis
of the form (x, y) is obtainedfrom the matrix of A by transposition, followed
by multiplication of the mth row by the canonical coeflicient 1-:m and division
of thejth column by the canonical coeflicient i-:,- (j, m = 1, . . . , n).

Proof. We use the given operator A to construct the form A(x, y) =
(Ax, y), and then we define the operator A’ by the formula

(Ax. Y) E A(x. Y) = (X» AU’)-
The existence and uniqueness of A’ follow from Sec. 7.62. In any canonical
basis of the form (x, y), the matrix ||a§j’|| of the operator A, the matrix
Ila,-m|| of the form A(x, y) and the matrix ||a,Tl""|| of the operator A’ are
related by formulas (26) and (27):

. a. a.ax‘) Z Jm ’ aglm) Z am _

am 51'
It follows that

a. 5 .
a;-(ml = i‘ = 1 am’. | (30)

2, 2,-

The operator A’ is called the adjoint (or conjugate) of the operator A
with respect to the form (x, y).

7.64. The operation leading from an operator A to its adjoint A’ has
the following properties:

1) (A’)’ = A for every operator A;
2) (A -1- B)’ = A’ -1- B’ for every pair of operators A and B;
3) (7A)’ = 71A’ for every operator A and every number 7 e K ;
4) (AB)’ = B’A’ for every pair of operators A and B.

To prove property 1), we use the formula

(xv (A’)’Y) : (A’x>Y) = (xv AY)

implied by the definition of (A’)’, together with the uniqueness of the operator
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defined by a bilinear form (Sec. 7.62). The remaining propertim are proved
similarly. Thus

(X. (A + 3)’)/) = ((A + B)x»)/) = (AL)/) + (316,)/)
= (x. A'1) + (x. B'1) = (x. (A' + B')1)

implies property 2).

(X. (7A)’y) = (Mr. 1) = MAX» 1) = Mr. A’y) = (X. W1)
implies property 3), and

(X. (AB)’y) = (ABX. 1) = (Bx. A’y) = (X. B’A’y)
implies property 4).

7.65. We point out another connection between the operators A and A’.
Suppose the subspace K’ C Km is invariant under the operator A. According
to Sec. 4.81, this means that the operator A carries every vector x 6 K’ into
another vector of the same subspace K’. Let K” be the subspace conjugate
to K’ (Sec. 7.55). Then K” is invariant under the adjoint operator A’. In
fact, suppose y e K”, so that (y, x) = 0 for every x e K’. Then (A’y, x) =
(y, Ax) = 0, since x e K’ implies Ax 6 K’. But this means that the vector
A’y is conjugate to every vector x e K’ and hence belongs to K”, as required.

7.7. Isomorphism of Spaces Equipped with a Bilinear Form
7.71. Definition. Let K’ and K” be two linear spaces over the same

number field K. Suppose K’ is equipped with a nonsingular symmetric
bilinear form A(x’,y’), while K” is equipped with a nonsingular symmetric
bilinear form A(x”, y"). Then K’ and K” are said to be A-isomorphic if

1) They are isomorphic regarded as linear spaces over the field K (see
Sec. 2.71), i.e., there exists a one-to-one mapping (morphism) cox’ = x"
preserving linear operations;

2) The values of the forms A(x’, y’) and A(x”, y”) coincide for all
corresponding pairs of elements x’, y’ and x” = wx’, y” = wy’, i.e.,

A(x‘. 1’) = A(x”. 1")-
7.72. T1-lE0REM. Given two finite-dimensional linear spaces K’ and K”,

suppose K’ is equipped with a nonsingular symmetric bilinear form A(x’, y’),
while K” is equipped with a nonsingular symmetric bilinear form A(x”, y").
Then K’ and K” are A-isomorphic andonly if

a) They have the same dimension n;
b) There exists a canonical basis for A(x’, y’) in K’ and a canonical basis

for A(x", y”) in K” relative to which the twoforms have the same set ofcanonical
coeflicients 1-:1, . . . , em
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Proof. Suppose K’ and K” are A-isomorphic. Then they are isomorphic
as linear spaces and hence have the same dimension, say n (see Sec. 2.73d).
If e1, . . . , ei, is a canonical basis for the form A(x’, y’) in the space K’, then

I I 0 if i 2 j,
A(@='» er) 2 . . .

2,» 1f t 2 j.

Let e’{, . . . , e',’, be the vectors in K” corresponding to the vectors e1, . . . , e,’,
in K’ under the given A-isomorphism. By hypothmis,

I I ' II II 0 i iii,A(o)e,, o)e,.) 2 A(e,», e,) 2 _ _ _
2, 1f 1 2 j.

Thus ea’, . . . , ef, is a canonical basis for A(x”, y") in the space K”. Moreover,
A(x”, y") has the same canonical coefficients 1-:1, . . . , 1-:,, in the basis e’{, . . . ,
ex as A(x’, y’) has in the basis e1, . . . , e;,.

Conversely, suppose K’ and K” have the same dimension n, and let
e1, . . . , ej, e K’ and el’, . . . , ex e K” be canonical bases with the same
canonical coefficients 1-:1, . . . , a,,, so that

I I II II 0 i ¢ j’

A(er, er) = A(@r» er) = . . .
2,» 1f 1 2 1.

Given any vector
Tl

x’ = Z Ex!»
_ i=1
1n K’, let

71

x” 2 o)(x’) 2 2 E,~e§’
i=1

(with the same components E1, . . . , E,,) be the corresponding vector in K”.
This correspondence defines an isomorphism o) of the spaces K’ and K” (see
Sec. 2.73d). Moreover, if

1’ = mi. 1" = w(y’) = me?-’.
then H

A(x’, Y’) = Z13i§iWr = A(x”) Y”),

so that the isomorphism o) is an A-isomorphism. I

7.73. Given an n-dimensional space K,, equipped with a nonsingular
symmetric bilinear form A(x, y), consider an A-isomorphism of K,,, i.e., an
invertible linear mapping y 2 Qx which does not change the form A(x,y)
in the sense that

A(Qx, Qy) 2 A(x,y). (31)
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We will henceforth denote A(x, y) simply by (x, y). If Q’ is the adjoint of
the operator Q with respect to the form (x, y), then

(Qx. Qy) = (Q'Qx, )1) (32)
It follows from (31) and (32) that

Q’Q 2 E, (33)
and hence that Q’ is the inverse of the operator Q (since Q is nonsingular,
so is Q’).

Conversely, (33) implies (32) and then (31), so that the condition (33)
completely specifies the class of operators which do not change the form
(x, y). Thme operators are said to be invariant with respect to theform (x, y).

7.74. If Q is invariant, then so is the inverse operator Q_1 2 Q’, since

(Q’x. Q'y) = (QQ’x. 1) = (X. 1)
for every x and y. The product of two invariant operators Q and T is also
an invariant operator, since

(QTX1 QTY) Z (Txi TY) 2 (xi Y)
for every x and y.

7.75. Let el, . . . , e,, be a canonical basis of the form (x, y), with canonical
coefficients 1-:1, . . . , em Then, applying an invariant operator Q to the vectors
el, . . . , e,,, we get the vectors

fl 2 Qe1,.. . ,f,, 2 Qe,,, (34)
where .f .2 k,

(fiifk) Z (Qei> Qek) = (911 eh) = [Si if ii kl

Thus fl, . . . ,f,, is also a canonical basis of the form (x, y), with the same
canonical coefficients :1, . . . , 1-:,,.

Conversely, iffl, . . . ,fm is a canonical basis of the form (x, y) with the
same canonical coeflicients 1-:1, . . . , 1-:,, as the basis el, . . . ,e,,, then the
operator Q defined by (34) is invariant. In fact,

2,» 1f j2k,
e- e 2 -, 2e-,e 2(Q ..Q1.) (/1f») (1 1.) 10 if jik,

and hence (31) holds for any pair of basis vectors. But then. by the linearity,
(31) holds for arbitrary vectors x, y e K,,, as required.

Thus an invariant operator Q is characterized by the fact that it carries
every canonical basis of the space K,, (with respect to the form (x, y)) into
another canonical basis with the same canonical coeflicients.
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7.76. We now find conditions characterizing the matrix of an invariant
operator Q in a canonical basis of the form (x, y). Let el, . . . ,e,, be such
a basis, and let s1, . . . , an be the corresponding canonical coeflicients.
Moreover, let Q = ||q§"’|l be the matrix of Q in the basis el, . . . , en. Then,
according to Sec. 7.63, the matrix of the adjoint operator has the form

I I I E IQ = Hql-U)“, Q5" = —’ 112 1
51'

In terms of matrix elements, we can write equation (33) as

" i _ W , _ _ 1 if j = k,zqlqtnqin = 2 E:_qg_1>q’(c1> __= 8210 ={ ' I

i=1 i=1 2. 0 If , as k.
In other words,

l . .
7! 1 Z21 q2~q:.~ = ‘f ’ k’ 65>

0 if j at k.
Equation (35) is equivalent to (33), and can also serve as the definition of an
invariant operator Q.

Thus an invariant matrix, i.e., the matrix of an invariant operator in any
canonical basis of the form (x, y), is characterized by the fact that the sum
of the squares of the elements of its jth column taken with coefficients
2;‘, . . . , 2;‘ equals the number sf (j = l, . . . ,n), while the sum of the
products of the corresponding elements of two difierent columns also taken
with the coefficients sf, . . . , 2;‘ equals zero. Since (33) also implies
QQ' == E, we also have the relations

-. >- NF)

W W

(' ( Ek (' ( Y ('
Zqknqinki =2 _q1¢”q1=m = 813)’i=1 ;,=1sm

O1‘

Zixqki qr; " _ _ (35)
k=1 if 1 ¢ m.

This gives another characterization of an invariant matrix, namely the sum
of the squares of the elements of its jth row taken with coefficients 21, . . . , an
equals the number :-:,- (j = 1, . . . , n), while the sum of the products of the
corresponding elements of two difierent rows also taken with the coeflicients
21, . . . , an equals zero.

n‘ (H ("H _-{E14 lf j 2 m, I

0

*7.8. Multilinear Forms
7.81. By analogy with bilinear forms we can consider linear functions of

a larger number of vectors (three, four or more). All such functions are
called multilinearforms.
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Definition. A function A(x1, . . . , x,,) of k vector arguments xl, . . . , x,,
varying in a linear space K is called a multilinear (more exactly, a k-linear)
form if it is linear in each argument x,- (j = l, . . . , k) for fixed values of the
remaining arguments xl, . . . , x,-_1, x,-+1, . . . , x,,. A multilinear form
A(x1, . . . , xk) is called symmetric if it does not change when any two of its
arguments are interchanged, and antisymmetric if it changes sign when any
two of its arguments are interchanged.

An example of an antisymmetric ‘multilinear form in three vectors x, y
and z (a trilinear form) of the space V3 is the mixed triple product of x, y and
z.’[ An example of an antisymmetric multilinear form in n vectors

x1 = (all? a12» ~ ~ ~ a am),

x2 = (a21v 1122, - - - » 112"),

xn = (am, anz, . . . , am)

of an n-dimensional linear space K,,I is the determinant

an a12 ' ' ' am

A<x..x..---.x.>= “*1 “*2 "2" (36)
anl an2 ' ' i arm

A somewhat more general example is the product of the determinant (36)
with a fixed number A e K.

7.82. We now show that every antisymmetric multilinear form

A(x1, x2, . . . , x,,)

in n vectors xl, x2, . . . , xn of an n-dimensional linear space K" with a fixed
basis el, e2, . . . , en equals the determinant (36) multiplied by some constant
A e K.

Let A denote the quantity A(e1, e2, . . . , e,,). Then we can easily calculate
the quantity A(e,l, e,-2, . . . , ein) where i1, 1'2, . . . , in are arbitrary integers
from l to n. If two of these numbers are equal, then A(e,l, eiz, . . . , ein)
vanishes, since on the one hand it does not change when the arguments
corresponding to these numbers are interchanged, while on the other hand it
must change sign because of the antisymmetry property. If all the numbers
1'1, 1'2, . . . , in are difierent, then by making the same number of interchanges

T I.e., (x, y >< z) where ( ,) denotes the smlar product and >< the vector product.
:13)’ X1 : (all! am»: - - 1 am) we mean X : duel + ‘H292 + ‘ ' ' + ainem where er, eh

... , e,, is a fixed basis ll'l K,,, and so on.



204 BILINEAR AND QUADRATIC roams C]-[AP_ 7

of adjacent arguments as there are inversions in the sequence of indices
i1, i2, . . . , i,,, we can cause the arguments to be arranged in normal orderT;
let the required number of interchanges be N. Then we have

A(e,-1, eiz, . . . , e,~n) = (——1)N)\.
Now let

W

x,-=Za,»,»e,» (i=1,2,...,n)
j=1

be an arbitrary system of n vectors of the space K,,, and consider the
multilinear form

Tl 7! 7|

A(x1, x2, . . . , xn) = A< 2 amen, Z a2,»2e,-2, . . . , Z a,,,~'_e,»,_)
11 1 ,,- = t,=1 1 =1

7|

= 2 a1i'1a2i'g ' ' ' am',,A(ei,, eip - - - , ea“)t,.t,.....i,,=1
Tl

= 7\ 2 ("1)Na1t,a2¢, ' ' ' am,-
i1.iz.....1',,=1

Since in each term of the last sum, N denotes the number of inversions in the
arrangement of the second subscripts of the elements a,-,- when the first
subscripts are in normal order, it follows that each term is one of the terms
in the determinant (36) with the appropriate sign. Hence the sum of all the
terms is just the determinant (36), and our assertion is proved.

In particular, this shows that the mixed triple product of three vectors
x, y and 2 of the space V3 in any basis can be written as the third~order
determinant made up of the components ofx, y and 2, taken with a coeflicient
equal to the triple product of the basis vectors.

7.9. Bilinear and Quadratic Forms in a Real Space

7.91. Every real number has a definite sign (+ or ~—), and hence the
theory of bilinear and quadratic forms in a real space can be carried some-
what further than in a space over an arbitrary field K. According to the
general theory of Sec. 7.3 l , a quadratic form A(x, x) can be reduced in some
basis to the canonical form

A(x. x) = mi + mi + - - - + mi.
where the number of nonzero coefficients )\,, A2, . . . , kn, equal to the rank
of the form A(x, x) (Sec. 7.33b), does not change when the canonical basis
is changed. These coefl‘icients are either positive or negative. It turns out

T Cf. the proof of Theorem 4.54.
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that changing the canonical basis also has no efiect on the total number of
positive coeflicients and the total number of negative coeflicients:

THEOREM (Law of inertia for quadratic forms). If a quadratic form
A(x, x) in a real space is written in canonicalform, the total number ofpositive
coeflicients and the total number of negative coeflicients are invariants of the
form, i.e., do not depend on the choice of the canonical basis.

Proof. Suppose A(x, x) has the form

A(x» x) : 2 aikiiik
i.lc=1

in the basis {e} = {el, e2, . . . , en}, where Z1, Z2, . . . , E" are the components
of the vector x with respect to {e}. Suppose A(x, x) has two canonical bases
{f} =- {f1»fz» - - - »f..}=1nd{g} = {g1.g2, - - - ,g..}- I-H W1» nz. - - - . n..d¢n<>t¢
the components of x with respect to the basis {f}, and let ‘rl, -:2, . . . , 1,,
denote the components of x with respect to the basis {g}. Let the corre-
sponding transformation formulas be

W1 = bnii + buzz -l" ' ' ' -l" burg",

W2 = b21€1 + bzziz + ' ' ' + 1721.5»,

fin = bmii -l" bnziz -l" ' ' ' + bnnzn

(37)

and
"71 = cnii + @1252 + ' ' ' + (min,

T2 = c21€1 + Fzziz -l" ' ' ' + czflgfl’

Tn = cnlgl + cn2€2 + ' i i + cnngrn

(37')

where the matrices ||b,,,|| and Ilcikll are nonsingular. In the basis {f}, A(x, x)
has the form

A(x» x) : “17li -l" ' ' ' -l" film: “‘ at-+1'fii¢+1 “' ' ' ' “‘ “m7lht> (38)

while in the basis {g} it has the form

A(x» X) = B17: + ' ' ' + B12121 '_ Ba1+1TfH-1 'T ' ' ' — B075»

where the numbers otl, . . . , am, B1, . . . , B, are assumed to be positive.
We wish to show that k == p, m = q. Equating the right-hand sides of (38)
and (39), and transposing negative terms to opposite sides of the equation,
we obtain

2
“mi + ' ' ' + 1mi+ Bp+1"7f»+1 + ' ' ' + Bf‘:

= °‘x+1W:+1 + ' ' ' + amnin + Bfri + ' ' ' + Bp"7iw- (40)
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Now suppose k < p, and consider the vectors x which satisfy the conditions

= 0, = , . . . , . = ,W1 W2 0 W1. 0 0 (41)
‘r,,+1=0,...,-ra~:0,‘ra+1=O,...,-rn==.

There are clearly less than n of these conditions, since k <p. Using (37)
and (37') to express nl,. . . , nk, 1%,, . . . , 1,, in terms of the variables
£1, Z2, . . . , Zn, we obtain a homogeneous system of linear equations in the
unknowns Z1, Z2, . . . , Zn. The number of equations is less than the number
of unknowns, and therefore this homogeneous system has a nontrivial
solution x = (Z1, Z2, . . . , Zn). On the other hand, because of (40), every
vector x satisfying the conditions (4l) also satisfies the conditions

‘r1=‘r2='~'=‘r,,=O.

However, since det l|c,,,|l ¢ 0, any vector x for which

11:12=-~-=19:-|;'p+1=-~-z-|;'n=()

must be the zero vector, with all its components Z,, Z2, . . . , En equal to
zero. Thus the assumption that k < p leads to a contradiction. Because of
the complete symmetry of the role played by the numbers k and p in this
problem, the assertion p < k also leads to a contradiction. It follows that
k = p. Moreover, examining the conditions

-r,=0,'r2=O,...,-r,,=O,

‘q,,+1=0,...,‘qm=0,'ra+,=O,...,'r,,=O,

we can use the same argument to show that m < q is impossible and hence,
by symmetry, that q < m. Thus we finally find that k = p, m = q. I

7.92. The total number of terms appearing in the canonical form of a
quadratic form A(x, x), i.e., its rank (see Sec. 7.33b), is also called its index
of inertia. The total number of positive terms is called the positive index of
inertia, and the total number of negative terms is called the negative index
of inertia. If the positive index of inertia equals the dimension of the space,
the form is said to be positive definite. ln other words, a quadratic form
A(x, x) is positive definite if and only if all n of its canonical coefficients are
positive. It follows that a positive definite quadratic form takes a positive
value at every point of the space except the origin of coordinates.

Conversely, if a quadratic form defined on an n-dimensional real space
takes positive values everywhere except at the origin, then its rank is n and
its positive index of inertia is also n, i.e., the form is positive definite. In
fact, for a form of rank less than n or with less than n positive canonical
coefiicients, it is easy to find points in the space other than the origin where



sac. 7.9 BILINEAR AND QUADRATIC roams 1N A REAL SPACE 207

the form takes either the value 0 or negative values. For example, the
quadratic form

A(x. X) = ‘ii + £2
of rank 2 in a three-dimensional space takes the value 0 for any nonzero
vector with components Z1 = 0, Z2 qé 0, Z3 = 0. For these vectors the form

A(x. X) = ii — Z3 + ii
of rank 3 in a three-dimensional space takm negative values. Clearly, these
examples illustrate the full generality of the situation.

7.93. The law of inertia just proved for quadratic forms generalizes
immediately to the case of symmetric bilinear forms, i.e., the total number
of positive coeflicients and the total number of negative coeflicients in the
canonical form (22) of a symmetric bilinear form A(x, y) is independent of
the choice of a canonical basis. Thus the positive and negative indicw of
inertia are well-defined concepts for a symmetric bilinear form. The values
of the positive and negative indices of inertia of the bilinear form A(x,y)
and hence of the quadratic form A(x, x) can be determined from the signs
of the descending principal minors of the matrix of the form in any basis
(provided only that the minors are nonzero) by using the formulas (24), p. 195.

lt should be noted that given any quadratic form A(x, x) in a real space
Rn, a canonical basis can always befound such that the corresponding canonical
coeflicients can only take the values i 1. In fact, having reduced A(x, x) to the
form

A(x. X) = Mi + ' ' ' + mi — Pm-Li — " ' ' — tmi+.
where the numbers 7.1, . . . , AD, ul, . . . , ua are all positive, we make another
coordinate transformation

T1 : 711: - - - > T11 = \/Ta: nan T114-1 = ‘%+1, - - - s 70+-a = \/Q 7111-}-qs

thereby reducing A(x, x) to the form

A(xvx)=TI+"‘ +T12»HT?1+1_"'_T121+u‘

This shows that in a real space the numbers p and q are the only invariantsT
of the quadratic form A(x, x) and the corresponding symmetric bilinear form
A(x. y)-

THEOREM. Two finite-dimensional real spaces R’ and R”, equipped with
nonsingular symmetric bilinear forms A(x’, y’) and A(x”, y”), respectively, are
A-isomorphic if and only they have the same dimension and the indices of

T Apart from any function ofp and q (like the rank r = p + q), which is obviously
an invariant of A(x, x) and A(x, y).
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inertia p’, q’ of the form A(x’, y’) coincide with the corresponding indices of
inertia p”, q” of the form A(x”, y").

Proof An immediate consequence of the above considerations and
Theorem 7.72. |

7.94. Let A(x, y) be a symmetric bilinear form in a real space R,,. Then,
as in Sec. 7.1 5b, A(x, y) is said to be nonsingular if its rank equals the dimension
of the space, i.e., if all the coefficients X1, X2, . . . , 7." in the canonical form

A(x? = Mimi + 7\2€2‘fi2 + ' ' i + 7\n€1t'%

(see Sec. 7.43) are nonzero. Suppose that in addition all the coefficients
7.1, 7.2, . . . , 7., are positive, so that the corresponding quadratic form A(x, x)
is positive definite (see Sec. 7.92). Then the bilinear form A(x, y) is said to
be positive definite. Thus, according to Sec. 7.92, A(x, y) is positive definite
if and only if the corresponding quadratic form A(x,x) takes a positive
value for every nonzero vector x.-

By its very definition, a positive definite form A(x,y) in a space R, is
nonsingular. But, because of the fact that A(x, x) > 0, a positive definite
form A(x, y) remains positive definite in any subspace R’ C Rn. Hence a
positive definite bilinear form, unlike the general bilinear form (see Sec.
7.l5d), remains nonsingular in any subspace R’ C Rn. Thus, given any k
linearly independent vectors fl, . . . , fic, the determinant

A(fvf1) A(.fI=.flc)
D: . . .

A(f1~f1) A(f1~fi.)
must be nonzero. We will see in a moment that D must in fact be positive.

7.95. An important example of a symmetric positive definite bilinear
form in the space V3 is given by the scalar product (x, y) of the vectors x and
y. In fact, it follows at once from the definition of the scalar product that

(X. y) = (y. X),
(x,x) = |x|2 > 0 for x qé 0.

The first of these relations shows that the bilinear form (x, y) is symmetric,
while the second shows that the corresponding quadratic form takm a positive
value for every vector x qé 0. Thus the bilinear form (x, y) is positive
definite.

Positive definite bilinear forms will play a particularly important role
below. In fact, by using such forms we will be able to introduce the concepts
of the length of a vector and the angle between two vectors in a general
linear space (Chap. 8).
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7.96. The problem now arises of how to use the matrix of a symmetric
bilinear form A(x, y) to determine whether or not A(x, y) is positive definite.
The answer to this problem is given by the following

THEOREM. A necessary and suflicient condition for the symmetric matrix
A = ||a,,,|| to define a positive definite bilinear form A(x, y) is that the
descending principal minors

an a12 a13
an a12

1111, , (121 a22 (123 7 - - - . dd iiaikii (42)
1121 a22

1131 1132 aaa

of the matrix |la,~,,|| all be positive.

Proof. If the principal minors (42) of the matrix A are all positive, then
by the formulas (24), p. 195, all the canonical coefficients 2,, of the form
A(x, y) are also positive in some basis, i.e., A(x, y) is positive definite.

Conversely, suppose the form A(x, y) is positive definite. Then the
descending principal minors (42) of the matrix Ila,-kll are positive. In fact,
the principal minor

an a12 ' " alm
a a aM: 21 22 2m

aml am2 ' ' ' amm

corresponds to the matrix ||a,»,,|| (i, k = l, 2, . . . , m) of the bilinear form
A(x, y) in the subspace L," spanned by the first m basis vectors. Since A(x, y)
is positive definite in the subspace L," (A(x, x) > 0 for x qé 0), there exists a
canonical basis in L," in which A(x, y) can be written in canonical form with
positive coefiicients. In particular, the determinant of A(x, y) in this basis is
positive, being equal to the product of the canonical coefficients. Bearing in
mind the relation between determinants of a bilinear form in difierent bases
(equation (6), p. 182), we see that the determinant of A(x, y) in the original
basis of the subspace Lm is also positive. But the determinant of A(x, y) in the
original basis of L,,, is just the minor M. It follows that M > 0. I

Remark. In the second part of the proof, we could have taken M to be
any principal minor instead of a dmcending principal minor, without
changing the argument in any essential way. Thus every principal minor of
the matrix of a positive definite bilinear form is positive.

7.97. For a positive definite form A(x, y) there always exists a canonical
basis el, . . . , e,, in which all the canonical coefficients equal +1 (see Sec.
7.93). Hence two n-dimensional real spaces R; and R: equipped with
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positive definite forms A(x’, y’) and A(x”, y”), respectively, are A-isomorphic,
by Theorem 7.72.

7.98. The solution of the following problem is often needed in applications
of linear algebra to analysis (i.e., in the theory of conditional extrema):
Given the matrix A = llaikll of a symmetric bilinear form A(x, y), determine
whether the form is positive definite in the subspace specified by the system
of k independent linear equations

2b,»,-2,,-=0 (i=l,2,...,k;k<n).
i=1

It turns out that a necessary and sufficient condition for this to be the case
is that the descending principal minors of orders 2k + l, 2k + 2,. . . ,
k + n of the matrix

00~~0b,,
00~~0b,,

00~~0b,,,

I712
b22

bk2

bi.
b2n

bknA = (_1)*
bu Z721 bu an a12 aln

biz I722 b;;2 a21 a22 a2"

,b1n b2n bkn anl an2 arm

be positive, under the assumption that the rank of the matrix lib,-,-ll equals k
and that the determinant made up of the first k columns of Ilb,-,.|| is non-
vanishing.T

PROBLEMS

1. Do the elements ofthe matrix ofa bilinear form constitute a tensor (Sec. _5.61),
and if so, of what type?

2. Reduce the quadratic form
515.2 + E353 + 5.351

to canonical form.

3. Letp be the positive index of inertia of a quadratic form A(x, x) (defined on
the space Rn), and letq be its negative index of inertia. Moreover, let A1, 7.2, . . . ,
7.1, be anyp positive numbers and ul, v.2, . . . , v.3 anyq negative numbers. Show
that there exists a basis in which the form A(x, x) takes the form

A(x, x) = 7.11% + - -- + )\D‘l’.‘% + u1r;l,+, + ~ ~ ~ + u3¢;1,+a.

T See the note by R. Y. Shostak, Uspekhi Mat. Nauk, vol. 9, no. 2 (1954), pp. 199-206.
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4. Show that the matrix of a quadratic form of rank r always has at least one
nonvanishing principal minor of order r.

5. Reduce the bilinear form

A(X,_Y) : 5.1111 + Elflg + zignl 'l‘ 2Zg7)2 + 2é27i3 + 2€37l2 + 5E_,3'Y)3

to canonical form.

6. Apply Jacobi’s method to reduce-the bilinear form

,1“>- 5 >-A(x,)/) = * £192 “ £291 + E-17l3 + £391 + 2E»2"la + 2E»3l'l2 + éalla + + E»2l'l2

to canonical form.

7. State the conditions under which a symmetric matrix llamll defines a negative
definite bilinear form.

8. Given a symmetric matrix A = llaiill with the properties

an "12
an > O, > O, . . . , det llaikll > O,

a21 a22

show that am, > O.

9. Prove that an antisymmetric multilinear form in n + 1 vectors of an n-
dimensional space K,, vanishm identically.

10. Let A(x1, . . . , x,,_1) be an antisymmetric multilinear form in n ~ 1 vectors
of an n-dimensional space. Prove that A(x1, . . . , x,,_1) can be written in any
basis as a determinant whose first n — 1 rows consist of the components of the
vector arguments and whose last (nth) row is fixed.

11. Prove that every antisymmetric bilinear form A(x, y) i 0 can be reduced
to the canonical form

A(x, y) = cl-:2 — 0211 + 03¢, — @413 + ' ' ' -1- o2k_1'r2k — o2k¢2k_1.

12. PrOve that a real quadratic form

Tl‘/l= .-
1:A(x, X) = 1:65:51.-

is nonnegative for all xeR,, if and only if all principal minors of the matrix
A = Ila,-kll are nonnegative.

Comment. The descending principal minors 81 and 82 vanish for the matrix

O O

0-1

but the corresponding form fails to be nonnegative. Thus the conditions
81 > O, 82 > 0 are not sufficient for nOnnegativity of the form.
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13. Let A(x, y) be a nonsingular symmetric bilinear form in an n-dimensional
space K,,, and let K’ C K,, be a subspace of dimension r. Prove that the space
K” <1 K conjugate to K’ with respect to A(x, y) is of dimension n ~ r.

14. Consider the symmetric bilinear form

(x.y) = Elm — E2122
in the space R2. Find the operator which is the adjoint with respect to this form
of the rotation operator with matrix

COS on Sin on
A = .

-sin <2 cos <2

15. Let (x, y) be a nonsingular quadratic form in the space K.,,. For the system

§a,.,,z,,. = b,~ (j = 1,2, . . . ,n) (43)
1;: >-

of n linear equations in n unknowns, prove Fredholm’s theorem which asserts
that the system (43) has a solution for precisely those vectors b = (bl, . . . , b,,)
which are conjugate to all the solutions of the homogeneous system

‘Vt

Z%m=Q (W
k=1

where llajkll is the matrix conjugate to lla,-kll with respect to the form (x, y).
From this deduce that the number of independent linear conditions on the vector
b which are necessary and sufficient for the system (43) to have a solution
equals the dimension of the space of solutions of the homogeneous system

iajkii-=0 (j=1,2,...,n).
k= >-

Comment. For a general system

Z%%=M U=LL~Um¢M, ow
k=1

the two quantities in question no longer coincide, and their difference, equal
to m ~ n, is called the index of the system (43').

16. Prove that every nonnegative bilinear form of rank r in the space R, can be
represented as a sum of r nonnegative bilinear forms of rank 1.
17. Prove that every bilinear form of rank l in the space K, is of the form

A(x. y) =f(x)g(y).
wheref (x) and g(y) are linear forms.



18. Prove that if

and

are nonnegative bilinear forms in the space R,,, then the form

is also nonnegative.

A(x,y) = Z aikéjnk
I,k=1

B(x,y) = lbikéink
5- 5

C(X.y) = .. envi- “taikbik Ema.

PROBLEMS 2 I 3



chapter 8

EUCLIDEAN SPACES

8.l. Introduction

The explanation of a large variety of geometric facts rests to a great
extent on the possibility of making measurements, basically measurements of
the lengths of straight line segments and the angles between them. So far,
we are not in a position to make such measurements in a general linear space;
of course, this has the efiect of narrowing the scope of our investigations.
A natural way to extend these “metric” methods to the case of general
linear spaces is to begin with the definition of the scalar product of two
vectors which is adopted in analytic geometry (and which is suitable as of
now only for ordinary vectors, i.e., elements of the space V3 introduced in
Sec. 2.l5a). This definition reads as follows: The scalar product of two vectors
is the product of the lengths of the vectors and the cosine of the angle between
them. Thus the definition already rests on the possibility of measuring the
lengths of vectors and the angles between them. On the other hand, if we
know the scalar product for an arbitrary pair of vectors, we can deduce the
lengths of vectors and the angles between them. ln fact, the square of
the length of a vectorequals the scalar product of the vector with itself, while the
cosine of the angle between two vectors is just the ratio of their scalar product
to the product of their lengths. Therefore the possibility of measuring
lengths and angles (and with it, the whole field of geometry associated with
measurements, so-called “metric geometry”), is already implicit in the
concept of the scalar product. In the case of a general linear space, the

2l4
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simplest approach is to introduce the concept of the scalar product of two
vectors, and then use the scalar product (once it is available) to define
lengths of vectors and angles between them.

We now look for properties of the ordinary scalar product which can be
used to construct a similar quantity in a general linear space. For the time
being, we restrict ourselves to the case of real spaces.

As already noted in Sec. 7.95, in the space V3 the scalar product (x, y) is
a symmetric positive definite bilinear form in the vectors x and y. Quite
generally, we can define such a form in any real linear space. Thus we are
led to consider a fixed but arbitrary symmetric positive definite bilinear
form A(x, y) defined on a given real linear space, which we call the “scalar
product” of the vectors x and y. We then use the scalar product to define
the length of every vector and the angle between every pair of vectors
by the same formulas as those used in the space V3. Of course, only
further study will show how successful this definition is; however, in
the course of this and subsequent chapters, it will become apparent that with
this definition we can in fact extend the methods of metric geometry to general
linear spaces, thereby greatly enhancing our technique for investigating
various mathematical objects encountered in algebra and analysis.

At this point, it is important to note that the initial positive definite
bilinear form can be chosen in a variety of difierent ways in the given linear
space. The length of a vector x calculated by using one such form will be
difierent from the length of the same vector calculated by using another form;
a similar remark applies to the angle between two vectors. Thus the lengths of
vectors and the angles between them are not uniquely defined. However, this
lack of uniqueness should not disturb us, for there is certainly nothing very
surprising about the fact that difierent numbers will be assigned as the
length of the same line segment if we measure the segment in difierent units.
In fact, we can say that the choice of the original symmetric positive definite
bilinear form is analogous to the choice of a “unit” for measuring lengths of
vectors and angles between them.

A real linear space equipped with a “unit” symmetric positive definite
bilinear form will henceforth be called a Euclidean space, while a linear
space without a “unit” form will be called an afline space. The case of complex
linear spaces will be considered in Chapter 9.

8.2. Definition of a Euclidean Space
8.21. A real linear space R is said to be Euclidean if there is a rule assigning

to every pair of vectors x, y 6 R a real number called the scalar product of
the vectors x and y, denoted by (x, y), such that

a) (x, y) = (y, x) for every x, y e R (the commutative law);
b) (x, y + 2) = (x, y) + (x, 2) for every x, y, 2 6 R (the distributive law);
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c) (Ax, y) = 7\(x, y) for every x, y 6 R and every real number 7.;
d) (x, x) > 0 for every x 1+ 0 and (x, x) = 0 for x = 0.

Taken together, these axioms imply that the scalar product of the vectors x
and y is a bilinear form (axioms b) and c)), which is symmetric (axiom a))
and positive definite (axiom d)). Conversely, any bilinear form which is
symmetric and positive definite can be chosen as the scalar product.

Since the scalar product of the vectors x and y is a bilinear form, equation
(2) of Sec. 7.1 holds, and in the present case becomes

PE‘ §

,.l\/1’-“are(§mgwJ=_=Mam. (n
where xl, . . . , x,,, yl, . . . , y,,, are arbitrary vectors of the Euclidean space
R, and M1, . . . , otk, T-31, . . . , T-3," are arbitrary real numbers.

8.22. Examples

a. In the space V3 of free vectors (Sec. 2.l5a), the scalar product is
defined as in the beginning of Sec. 8.1, and axioms a)—d) express the familiar
properties of the scalar product, proved in vector algebra.

b. In the n-dimensional space R, (Sec. 2.l5b) we define the scalar product
of the vectors x = (Z1, Z3, . . . , Zn) andy = (nl, n3, . . . , nn) by the formula

(xs = glnl + 52% + ' ' ' + gnnn‘

This definition generalizes the familiar expression for the scalar product of
three-dimensional vectors in terms of the components of the vectors with
respect to an orthogonal coordinate system. The reader can easily verify
that axioms a)—d) are satisfied in this case.

We note that formula (2) is not the only way of introducing a scalar
product in R,,. A description of all possible ways of introducing a scalar
product (i.e., a symmetric positive definite bilinear form) in the space R,
has essentially already been given in Sec. 7.96.

c. In the space R(a, b) of continuous real functions on the interval
a < t < b (Sec. 2.l5c), we define the scalar product of the functions x =
x(t) and y = y(t) by the formula

Dmn=jnwmo m
Axioms a)—d) are then immediate consequences of the basic properties of
the integral. Henceforth the space R(a, b), with the scalar product defined
by (3), will be denoted by R2(a, b).

8.3. Basic Metric Concepts
Equipped with the scalar product, we now proceed to define the basic met-

ric concepts, i.e., the length of a vector and the angle between two vectors.
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8.31. The length of a vector. By the length (or norm) of a vector x in a
Euclidean space R we mean the quantity

]x] = -I-\/(x, x). (4)
Examples

a. In the space V3 our definition reduces to the usual definition of the
length of a vector.

b. In the space R, the length of the vector x = (Z1, Z3, . . . , Zn) is given
by

|x|=+~/€i+£€+---+£i.
c. In the space R3(a, b), the length of the vector x(t) turns out to be

]x] = -l—\/(x, x) = + ]jbx2(t) dt.

This quantity is sometimes written ]]x(t)]] and is best called the norm of the
function x(t) (in order to avoid misleading connotations connected with
the phrase “length of a function”).

8.32. It follows from axiom d) that every vector x of a Euclidean space
R has a length; this length is positive if x 96 0 and zero if x = 0 (i.e., if x is
the zero vector). The formula

IMI = ~/(ix. xx) = ~/tux. x) = In ~/(x. x) = in Ix] (5)
shows that the length of a vector multiplied by a numerical factor 7. equals the
absolute value of 7. times the length of x.

A vector x of length 1 is said to be a unit vector. Every nonzero vector x
can be normalized, i.e., multiplied by a number 7. such that the result is a
unit vector. In fact, solving the equation ]7.x] = l for 7., we see that 7. need
only be such that

1

W 7 1x1‘
A set F C R is said to be bounded if the lengths of all the vectors x e F

are bounded by a fixed constant. The set of all vectors x 6 R such that ]x] < l
is a bounded set called the unit ball, while the set of all x 6 R such that ]x] = l
is a bounded set called the unit sphere.

8.33. The angle between two vectors. By the angle between two vectors x
and y we mean the angle (lying between 0 and 180 degrees) whose cosine is
the ratio

(X, y)
IX] I)/I
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For ordinary vectors (in the space V3) our definition agrees with the usual
way of writing the angle between two vectors in terms of the scalar product.
To apply this definition in a general Euclidean space, we must first prove
that the ratio has an absolute value no greater than unity for any vectors x
and y. To prove this, consider the vector 7.x - y, where 7. is a real number.
By axiom d), we have

(7.x — y, 7.x — y) > 0 (6)
for any 7.. Using (1), we can write this inequality in the form

7*(X, X) — 27(X. y) + (y, y) > 0- (7)
The left-hand side of the inequality is a quadratic trinomial in 7. with positive
coefiicients, which cannot have distinct real roots, since then it would not
have the same sign for all 7.. Therefore the discriminant (x, y)“ — (x, x)(y, y)
of the trinomial cannot be positive, i.e.,

(><.y)* < (X. ><)(y.y)-
Taking the square root, we obtain

l(X,)/)l < IX] I)/I. (3)
as required. The inequality (8) is called the Schwarz inequality.']‘

8.34. We now examine when the inequality (8) reduces to an inequality.
Suppose the vectors x and y are collinear, so that y = 7.x, 7. 6 R, say. Then
obviously

l(X.)/)l = l(X. XX)! = I7] (X.X) = I7] IXI“ = IX] I)/I,
and (8) reduces to an equality.

Conversely, if the inequality (8) reduces to an equality for some pair of
vectors x and y, then x and y are collinear. In fact, if

l(X.)/)l = IX] I)/I.
then the discriminant of (7) vanishes and hence (7) has a unique real root 7.0
(of multiplicity two). Therefore

7302 X) — 27..(><. y) + tr. y) = (Mr — y. Mr — y) = 0.
whence it follows by axiom d) that 7.0x — y : 0 or y = 7.0x, i.e., the vectors
x and y are collinear. Thus the absolute value of the scalar product of two
vectors equals the product oftheir lengths andonly if the vectors are collinear.

Examples

a. In the space V3 the Schwarz inequality is an obvious consequence of
the definition of the scalar product as the product of the lengths of two vectors
and the cosine of the angle between them.

T Sometimes also associated with the names of Cauchy and Buniakovsky.
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b. In the space R, the Schwarz inequality takes the form

< .] iii,/iii. <9)
= 1:1 j=1

and is valid for any pair of vectors x = (Z1. Z2, . . . , Zn) and y = (nl, n2,
. . . , 'q,,), or equivalently, for any two sets of real numbers Z1, Z2, . . . , in
and “n1, n2, . . . , -q,,. v

c. In the space R2(a, b), the Schwarz inequality takes the form

~. _l\/1= ivy5 ...

'> b b
|><(r)y(t) dtl <. \/I .X2(l) dt\/j y2(t) dt. (10)

8.35. Orthogonality. Two vectors x and y are said to be orthogonal if
(x, y) = 0. Thus the notion of orthogonality of the vectors x and y is the
same as the notion of x and y being conjugate (Sec. 7.4la) with respect to
the bilinear form (x, y). If x qé 0 and y qé 0, then, by the general definition
of the angle between two vectors, (x, y) = 0 means that x and y make an
angle of 90° with each other. The zero vector is orthogonal to every vector
x e R.

Examples

a. In the space Rn the orthogonality condition for the vectors x =
(Z1, E2,. . . , Zn) and y = (nl, “n2, . . . , 'q,,) takes the form

ifm + €2'fi2 + ' ' ' Em. : 0'

For example, the vectors
e1=(l,0,...,0),

e2=(0,l,...,0),

e,,=(0,0,...,l)
are orthogonal (in pairs).

b. In the space R2(a, b) the orthogonality condition for the vectors
x : x(t) and y = y(t) takes the form

I!

j x(t)y(t) dt = 0.
Cl

The reader can easily verify, by calculating the appropriate integrals, that
in the space R2(—"rt, ~rc) any two vectors of the “trigonometric system”

l, cos t, sin t, cos 2t, sin 2t, . . . , cos nt, sin nt, . .-.

are orthogonal.
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8.36. We now derive some simple propositions associated with the concept
of orthogonality.

a. LEMMA. If the nonzero vectors xl, x2, . . . , x,, are orthogonal, then
they are linearly independent.

Proof Suppose the vectors are linearly dependent. Then a relation of
the form

ot1x1+ot2x2-I----+ot,,x,,=0

holds, where M1 95 0, say. Taking the scalar product of this equation with
xl, we obtain ot1(.X1, x1) = 0, since by hypothesis the vectors xl, x2, . . . , x,,
are orthogonal. It follows that (xl, x1) = 0 and hence that x1 is the zero
vector, contrary to hypothesis. I

The result of this lemma is often used in the following form: If a sum of
orthogonal vectors is 2ero, then each term in the sum is zero.

b. LEMMA. If the vectors y1,y2, . . . , y,, are orthogonal to the vector x,
then any linear combination 011)/1 + Ugyg + - ~ - + ot,,y,, is also orthogonal to x.

Proof We need merely note that

(°‘1)’1 + °‘2)/2 + ' ‘ ' + akykf -X)

= °‘1()’1i -X) + °12()/2’ X) + ' ' ' + °%()/ki -X) = 0- l

The set of all linear combinations (x,y, -I- ot2y2 + - - - + otkyk forms a
subspace L = L(y,, y2, . . . , yk), namely the linear manifold spanned by the
vectors yl, y2, . . . , y,, (Sec. 2.51). Therefore if x is orthogonal to the vectors
y1,y2, . . . ,y,,, it is orthogonal to every vector of the subspace L. In this
case, we say that the vector x is orthogonal to the subspace L. In general, if
F C R is any set of vectors in a Euclidean space R, we say that the vector x
is orthogonal to the set F if x is orthogonal to every vector in F. According
to Lemma 8.36b, the set G of all vectors x orthogonal to a set F is itself a
subspace of the space R. The most common situation is the case where F is
a subspace. Then the subspace G is called the orthogonal complement of the
subspace F.

8.37. The Pythagorean theorem and its generalization. Let the vectors x
and y be orthogonal. Then, by analogy with elementary geometry, we can
call the vector x + y the hypotenuse of the right triangle determined by the
vectors x and y. Taking the scalar product of x + y with itself, and using the
orthogonality of the vectors x and y, we obtain

IX +yl*= (X +)/.X+)/)= (x,x) +2(X.)/) + (Jay)
= (X. X) + (JG)/) = IX!“ + lyl*-
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This proves the Pythagorean theorem in a general Euclidean space, i.e., the
square of the hypotenuse equals the sum of the squares of the sides. It is easy
to generalize this theorem to the case of any number of summands. ln
fact, let the vectors xl, x2, . . . , x,, be orthogonal and let

2:-x1—l—x2—l—---+x,,.
Thenwehave

]Z]2=(-X1‘]‘-x2+"'+-X1.’-x1']"x2"]C"'+-xx)

= ]X1]2 "I" ]X2]2 "I" ' ' ' "I" ]X1.]2- (11)

8.38. The triangle inequalities. If x and y are arbitrary vectors, then by
analogy with elementary geometry, it is natural to call x -I- y the third side
ofthe triangle determined by the vectors x andy. Using the Schwarz inequality,
we get

IX +)/I*= (X +)/,X +)/) = (X.X) + Z(X.)/) + 0'.)/)
<. IXI2 + 2 IX] I)/I + I)/I2 = (IXI + I)/])2.
> IXI* ~ 2 IX] I)/I + I)/I2 = (IXI — I)/I)*.

O1‘

IX + y] < Ix] + I)/I. (12)
IX +)/I > I]XI -— I)/I] (13)

The inequalities (12) and (13) are called the triangle inequalities. Geometric-
ally, they mean that the length of any side of a triangle is no greater than the
sum of the lengths of the two other sides and no less than the absolute value of
the diflerence of the lengths of the two other sides.

8.39. We could now successively carry over all the theorems of elementary
geometry to any Euclidean space. But there is no need to do so. Instead we
introduce the concept of a Euclidean isomorphism between two Euclidean
spaces, i.e., two Euclidean spaces R’ and R” are said to be Euclidean-
isomorphic if they are isomorphic regarded as real linear spaces (see Sec. 2.71)
and if in addition

(X’. y’) = (X”. y”)
whenever the vectors x”, y” 6 R” correspond to the vectors x’, y’ e R’. Then
it is obvious that every geometric theorem (by which we mean any theorem
based on the concepts of a linear space and a scalar product) proved for a
space R’ is also valid for any space R” which is Euclidean—isomorphic to R’.
According to Sec. 7.97, any two Euclidean spaces with the same dimension n
are Euclidean—isomorphic. Hence any geometric theorem valid in an n-
dimensional Euclidean space R; is also valid in any other n-dimensional
Euclidean space R1. ln particular, the theorems of elementary geometry,
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i.e., the geometric theorems in the space R3, remain valid in any three-
dimensional subspace of any Euclidean space. In this sense, the theorems
of elementary geometry are all valid in any Euclidean space.

8.4. Orthogonal Bases

8.41. THEOREM. In any n-dimensional Euclidean space Rn there exists a
basis consisting of n nonzero orthogonal vectors.

Proof There exists a canonical basis el, e2, . . . , e,, for the bilinear form
(x, y), just as for any other symmetric bilinear form in an n-dimensional
space (see Sec. 7.43). The condition

(eh eh") I 0 i

satisfied by the vectors of the canonical basis is in this case just the condition
for orthogonality of the vectors e,» and e,,. Thus the canonical basis el, e2, . . . ,
e,, consists of n (pairwise) orthogonal vectors. |

In Sec. 8.6 we will consider a practical method for constructing such an
orthogonal basis.

8.42. It is often convenient to normalize the vectors of an orthogonal
basis by dividing each of them by its length. The resulting orthogonal basis
in R" is said to be orthonormal.

Let el, e2, . . . , e,, be an arbitrary orthonormal basis in an n-dimensional
Euclidean space R,,. Then every vector x e R" can be represented in the form

-X = £161 + €2e2 ‘l7 ' ' ' + E36...

where Z1, Z2, . . . , Z," are the components of the vector x with respect to the
basis el, e3, . . . , e,,. We will also call these components Fourier coeflicients
of the vector x with respect to the orthonormal system el, e2, . . . ,e,,.
Taking the scalar product of (l4) with e,-, we find that

Z,=(x,e,-) (i=l,2,...,n). (15)

Let y =: rue, + -/j3e3 + - - - + -/j,,e,, be any other vector of the space R,,.
Then it follows from (l) that

(x,y) : £1271 + £2702 -I‘ " ' + En"/Iw (16)

Thus in an orthonormal basis the scalar product of two vectors equals the sum
of the products of the components (Fourier coeflicients) of the vectors. In
particular, setting y =: x, we obtain

IXIZ = (X. X) = ii + ii + - - - + ii (17)
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8.5. Perpendiculars

8.51. Let R’ be a finite-dimensional subspace of a Euclidean space R,
and letf be a vector which is in general not an element of R’. We now pose
the problem of reprmentingfin the form

f=,g + h, (18)
where the vector g belongs to the subspace R’ and the vector h is orthogonal
to R’. The vector g appearing in the expansion (18) is called the projection
offonto the subspace R’, and the vector h is called the perpendicular dropped
from the end offonto the subspace R’. This terminology calls to mind certain
familiar geometric associations, but it is not intended to do more than just
suggest these associations.T

The solution of this problem has in efiect already been given in Sec. 7.54
for any symmetric bilinear form which is nonsingular in the subspace R’.
Since the positive definite form (x, y) is nonsingular in every subspace
R’ C R (Sec. 7.94), the existence and uniqueness of a solution of our problem
follows from Sec. 7.54. Moreover, as shown in Sec. 7.55, the existence of the
expansion (18) shows that the whole space R is the direct sum of the subspace
R’ and its orthogonal complement R”. A direct sum whose terms are orthog-
onal is called an orthogonal direct sum. Thus we have expanded the space
R as an orthogonal direct sum of the subspaces R’ and R”. If R and R’ have
dimensions n and k, respectively, then the dimension of R” equals n ~ k,
since the dimension of the direct sum is the sum of the dimensions of its
terms (Sec. 2.47).

We note that the problem is also solved in the case where f lies in the
subspace R’, since then

f=f+0.

This solution is obviously unique. In fact, if

f=g—]-/1 (geR’,heR”),

then h =f— g eR’ which implies h = 0, g :f

8.52. Applying the Pythagorean theorem (Sec. 8.37) to the expansion
(18), we obtain

Ifl“ = Igl“ + ]hI*. (19)
which implies the formula

0 < Ihl < If]. (20)

TSince the concept of the “end of a vector” plays no role in our axiomatics, it is
inappropriate to look for any logical content in this terminology.
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expressing the geometric fact that the length of a perpendicular does not
exceed the length of the line segment from which it is dropped. Consider the
cases where one of the inequalities in (20) becomes an equality. The first
equality sign holds if ]h] = 0; this means thatf: g + 0, i.e.,fis an element
of the subspace R’. The second equality sign holds if ]h] = ]f|; according
to (19), this means that g : 0 or f= 0 -I- h, i.e., fis orthogonal to the
subspace R’. Thus ]h] = 0 means that fbelongs to R’, while ]h] = IfI means
that f is orthogonal to R’. ln any other configuration of f, the (inherently
positive) length of h is Iess than that off

Now let el, €2, . . . , e,, be an orthonormal basis in the subspace R’, and
let

R‘

g = Zlaje,-.
,=

Then, by Sec. 8.42,
It

IgI2 = Z11?-
J'=1

Substituting this value of ]g]2 into (19), we get
k.

If!“ =|h1“ + Ea?-;I=1
In particular, for any (finite) orthonormal system el, ez, . . . , e,, and any
vectorf, we have the inequality

< Iflz,
,_il\/]’~'

ta ....,=
known as Bessel’s inequality. The geometric meaning of this inequality is
clear: The square of the length of the vector f is no less than the sum of the
squares of its projections onto any k mutually orthogonal directions.

8.53. In the applications, we sometimes need an explicit solution of the
problem of dropping a perpendicular onto a subspace R’, given some basis
{b} == {b1,b2, . . . ,b,,} in R’ (in general, not an orthonormal basis). To
solve this problem, we first expand the required vector g (the “foot of the
perpendicular”) with respect to the basis {b}, i.e., we write

8: P1171 P2172 Cl‘ ' ' ' Cl‘ I51-be
We then impose on the vector h :f — g the condition that it be orthogonal
to all the vectors bl, b2, . . . , bk, thereby obtaining the system of equations

(hi b1):(f‘_g» bl) T: bl) ‘C i'31(b1» bl) ‘C i'32(b2. bl) ‘C ' ' ' ‘C l5k(bk»b1) 2 0»

(h»b2) : (f‘C 8» I72) : I72) ‘C i51(b1» I72) C i'32(b2» I72) ‘C ' ' ' ‘C l5k(bkvb2) :0»

(hi bk) : (f‘C g. bl") I: bk) C i51(b1> bi-) ‘C i'32(b2, bk) ‘C ' ' ' ‘C i'3;¢(b;,-,b;;) C; 0»
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with determinant
(bi, bi) (b2, bi) ' ' ' (bk, bi)

(bl! b2) (b2, b2) ' ' ' (bk, b2)

1) Z . . . . _

(bl, bk) (b2, bk) ' ' ' (bk! bk)

But D is nonzero, being the determinant of the matrix of the positive definite
form (x, y) in the basis bl, b2, . . . , bk (see Sec. 7.96). Hence we can solve
the system by Cramer’s rule, obtaining the following expression for the
coefiicients I-3, (j =1, 2,... ,k):

(blibl) (b2,b1) ' ' ' (bd—-Dbl) bi)(b1'+1,b1) ' ' ' (bkvbl)

(b1,b2) (b2,b2) ' ' ' (bi-1,172) b2) (bi+1,b-3) ' ' ' (bI.~,b2)

$125 '

(bl, bk) (b2, bi.-) ' ' ' (bi-1» bk) (fi bk) (b;I+1»bi.-) ' ' ' (blvbk)

8.54. The problem of dropping a perpendicular can be posed not only for
a subspace, but also for a hyperplane, in which case the problem is formulated
as follows: Suppose that in a Euclidean space R, we are given a vectorfand
a hyperplane R”, generated by parallel displacement of a subspace R’. We
wish to show that there exists a unique expansion

f=g+h, (21)
where the vector g belongs to the hyperplane R” and the vector h is orthogonal
to the subspace R’.T The geometric meaning of the expansion (21) is illustrated
in Figure l(a). Note that the terms in the expansion (21) are in general no
longer orthogonal.

The problem is now easily reduced to the problem of Sec. 8.51. In fact,
if we fix any vector in the hyperplane R” and subtract it from both sides of
(21), we obtain the problem of representing the vectorf -—f, as a sum of two
vectors g -—f0 and h, of which the first belongs to the subspace R’ and the
second is orthogonal to R’ (see Figure l(b)). By the result of Sec. 8.51, such
a representation exists. Therefore the representation (21) also exists. It

T Saying that g belongs to the hyperplane R‘ means geometrically that the end point of
g lie in the hyperplane R‘, while its initial point is, as usual, at the origin of coordinates.
One must not imagine that the whole vector g lies in the hyperplane R”!
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remains only to prove the uniqueness of the representation (21). If there
were two such representations

f=g1+h1:g2+h2,
then we would have

0 = (81 ‘C 82) Jr (hl ‘C h2),

where g1 -— g3 belongs to the subspace R’ and hl -— h2 is orthogonal to R’.
It follows that g1 -— g3 = hl -— hz = 0, as required.

8.6. The Orthogonalization Theorem

8.61. The following theorem is of fundamental importance in constructing
orthogonal systems in a Euclidean space:

THEOREM (Orthogonalization theorem). Let xl, x2, . . . , xk, . . . be a
finite or infinite sequence of vectors in a Euclidean space R and let L =9 k
L(x1, x2, . . . , xk) be the linear manifold spanned by thefirst k ofthese vectors.
Then there exists a system ofvectors yl, yz, . . . , yk, . . . such that

1) The linear manifold L; = L(y1,y2, . . . ,y,,) spanned by the vectors
yl, yz, . . . , yk coincides with the linear manifold Lkfor every positive integer k;

2) The . . . .vector y,,+1 IS orthogonal to Lk for every positive integer k.

Proof We will prove the theorem by induction, i.e., assuming that k
vectors y1,y3, . . . , y,, have been constructed which satisfy the conditions
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of the theorem, we will construct a vector yk,1 such that the vectors yl, y2,
.. . ,y,,,y,,+1 also satisfy the conditions of the theorem. First let yl = x1.
Then the condition L1: L1 is obviously satisfied. The subspace Lk is
finite-dimensional, and hence by Secl 8.51 there exists an expansion

xk-H = gk + hkv (22)

where g,, is an element of Lk and hk is orthogonal to Lk. Setting y,,+1 = h,,,
we now verify that the conditions of the theorem are satisfied for this choice
of y,,+1. By the induction hypothesis, the subspace L,, contains the vectors
y1,y2, . . . , y,,, and hence the larger subspace L,,+1 also contains these
vectors. Moreover, it follows from (22) that L3,, contains the vector h,, =
y,,+1. Therefore the subspace LH1 contains all the vectors yl, y2, . . . , yk, y,,+1,
and hence also contains the linear manifold L;+1 spanned by these vectors.
Conversely, the subspace L22, contains the vectors xl, x2, . . . , xk, and
moreover by (22), LLH contains the vector x,,+1 as well. It follows that
L;+1 contains the whole subspace LH1. Therefore L;+1 = Lk+1, and the first
assertion of the theorem is proved. The second assertion is an obvious
consequence of the construction of the vector y,,+1 = h,,. This completes the
induction, thereby proving the theorem. I

8.62. ln the present case, the inequality (20) takes the form

0 < lYk+1l < lxk+1l- (23)

As shown in Sec. 8.52, the equality |y,,+1| : 0 means that the vector x,,+1
belongs to the subspace L,,, and is therefore a linear combination of the
vectors xl, x2, . . . , xk. The opposite equality |y,,+1| _= |x,,+1| means that
the vector x,,+1 is orthogonal to_the subspace L,,, and hence is orthogonal to
each of the vectors xl, x2, . . . , xk.

8.63. Remark. Every system of vectors 21, z2, . . . , 22., . . . satisfying the
conditions of the orthogonalization theorem coincides to within numerical
factors with the system y1,y2, . . . , yk, . .. constructed in the proof of the
theorem. In fact, the vector 22+, must belong to the subspace LH1, and at
the same time 22+, must be orthogonal to the subspace L,,. The first of these
conditions implies the existence of an expansion

Zk+1 = ciyi Ci‘ 92)/2 Ci‘ ' ' ' Ci‘ ckyk Ci‘ ck+1.yk+1 : )7» Ci‘ ¢’k+1)’k+1»

where y, 1: clyl + c2y2 -I— - - - + c,,yk 6 L,, and c,,,1y,,+1 is orthogonal to Lk.
The second condition implies that y,, = 0 and hence that

Z1.-1 : 61.41)’).--1.
as required.
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*8.64. Legendre polynomials. Suppose we apply the orthogonalization
theorem to the system of functions

x0(t) = l,x1(t) =t,...,x,,(t)=t",...

in the Euclidean space R2(—l , l). Then the subspace Lk = L(l, t, . . . , tl‘)
is obviously the set of all polynomials in t of degree n < k. The func-
tions x0(t), x1(t), . . . , x,,(t) are linearly independent (see Sec. 2.22d),
and hence the functions y0(t), y1(t), . . . obtained by the orthogonalization
method are all nonzero, by Sec. 8.62. By its very construction, y,,(t) must be a
polynomial in t of degree k. In particular, direct calculation by the orthog-
onalization method gives

J/0(1) = 1. J/1(1) = 1. )/2(1) =1“ — ii‘-. J/3(1) =1” — %t. - - --

These polynomials were introduced in 1785 by the French mathematician
Legendre, in connection with certain problems of potential theory. The
general formula for the Legendre polynomials was found by Rodrigues in
l8l4, who showed that the polynomial y,,(t) is given by

p..(r> =i; [(12 - 1>"1 (ti = 0.1.2.---> (24)dt

to within a numerical factor. We now prove this formula, using the remark
of Sec. 8.63 , i.e., we will show that the polynomial p,,(t) satisfies the conditions
of the orthogonalization theorem, whence it will follows from the remark
in question that p,,(t) must equal c,,y,,(t) for every n, as required.

a. The linear manifold spanned by the vectors p0(t), p1(t), . . . , p,,(t)
coincides with the set of all polynomials of degree no greater than n. In fact,
it is obvious from (24) that the polynomial p,,(t) is clearly a polynomial in t
of degree k. In particular,

P0(7) = boo,

I710) = am Cl‘ 911',

”*‘f1.C.f‘%".T.?%:ff.?*?" <1»
/71.-(7) = ak0 Cl‘ aklt Cl‘ ' ' ' Cl‘ akktkr

p'n(t) = a'n0 + a'n1t_l_ i i i + anktk + ' I I + aunt"?

where the leading coeflicients a,,,,,an, . . . , am, are nonzero. Thus all the
polynomials p0(t),p1(t),...,p,,(t) are elements of the linear manifold
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spanned by the functions l, t, . . . , t", which is obviously just the set L,, of
all polynomials in t of degree no greater than n. Conversely, the functions
l, t, . . . , t" can be expressed as linear combinations of p0(t),p1(t), . . . ,
p,,(t), since the matrix of the linear relations (25) has the nonvanishing
determinant aman - - -a,,,,. Hence thelinear manifold L(p0(t),p1(t), . . . , p,,(t))
coincides with the linear manifold L(l, t, . . . , t") and therefore coincides
with the set L,,, as required.

b. The vector p,,(t) is orthogonal to the subspace L,,_1. It is suflicient to
verify that the polynomial p,,(t) is orthogonal in the sense of the space
R2(—l , l) to the functions 1, t, . . . , t"C1. To show this, we use the formula
for integration by parts, familiar from elementary calculus, which in the
case of polynomials involves derivatives of the type considered in Sec. 6.73c
from a purely algebraic point of view. In particular, the derivatives of the
polynomial

(F2 *1)" = (I — l)"(t + 1)"
of orders 0, 1, . . . , n — l vanish for t = i1.T Thus, calculating the scalar
product of t" and p,,(t) for k < n and integrating by parts, we obtain

k __ +1 k 2 ___ n (rt)(I . P..(t)) ~j I [(1 1) I df
-1

___ k 2 _ 'n (11-1) +1 +1 k-1 2 'n (11-1)—tl(t 1)] - k I [(1 — 1)] dt.
-1 —1

where the first term on the right vanishes. Integrating the second term by
parts again, and continuing this process until the exponent of t becomes
zero, we get

(#2 p..(t>> = —kt’"“i(r’ — 1>"1‘"-2’ +1+ /<(/< — 1>l+1 "CW - 1>"1‘"‘*’ dr
-1 -1

= _ _ _ = I-bl [O2 _1)n](n—k)dt

1

+1
: ikj[(t2 _ 1)n](n—k—1) Z 0’

-1

i.e., p,,(t) is orthogonal to L,,_1, as asserted.
Thus, finally, we have proved that for every n the polynomial y,,(t) is

the same as the polynomial p,,(t) = [(t2 — 1)"]]"I, except for a numerical
factor.

T Cf. formula (21), p. 163.
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We now calculate p,,(l), by applying the formula for n-fold difierentiation
of a product to the function

(t2 — 1)" = (t + l)"(t -— 1)".
The result is

2.0) =10 + 1>"(r — 1>"1‘"’
= (1 + 1)"l(t - 1>"1‘"* + cite + 1)”]’l(r — 1>"1‘"-" + - --
=(t + l)"n! + C{’n(t + l)”“n(n — 1) - - - 2(t — 1) + - - - ,

where C}; = n!/k!(n — k)!. The substitution t : l makes all the terms of this
sum vanish from the second term on, and we get

pn(l) = 2"n!.

For numerical purposes, it is convenient to make the values of our
orthogonal functions equal l for t=1. To achieve this, we need only
multiply p,,(t) by the factor l/2"n!. In fact, it is actually these normalized
polynomials which are called the Legendre polynomials, i.e., the Legendre
polynomial of degree n, denoted by P,,(t), is given by the formula

1 2 1 )P,,i =—— t~1" ".( ) 2,"! l( ) I

8.7. The Gram Determinant

8.71. By a Gram determinant is meant a determinant of the form

(X1, X1) (X1, X2) ' ' ' (X1, Xk)

) = (X2, X1) (X2, X2) ' ' ' (X2, Xk)
G(-X17 X27 ' I ' 7 xk

(Xk, X1) (Xk) X2) ' ' ' (Xk, Xk)

where xl, x2, . . . , xk are arbitrary vectors of a Euclidean space R. ln Sec.
7.96 we saw that this determinant is positive in the case of linearly independent
vectors xl, x2, . . . , xk. To calculate the value of G(x1, x2, . . . , xk), we apply
the orthogonalization process to the vectors xl, x2, . . . , xk. Thus let yl = x1
and suppose the vector

Y2 : °‘1Y1 Cl‘ X2

is orthogonal to yl. Replacing the vector x1 by yl everywhere in the deter-
minant G(x1, x2, . . . , xk), we multiply the first column of G(x1, x3, . . . , xk)
by ax, (associating oi, with the second factors of the scalar products) and add
it to the second column. Then we multiply the first row of the determinant
by ax, (associating ax, with the first factors of the scalar products) and add it
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to the second row. As a result, the vector y2 appears at every place in the
determinant where x3 appeared formerly.

Next let
Y3 = I51)/1 Cl‘ I52)/2 Cl‘ Xs

be orthogonal to yl and y2. Multiply the first column by I51 and the second
column by I52, and add them to the third column. Then carry out the same
operations on the rows. As a result, x3 is replaced by y3 everywhere in
G(x1, x2, . . . , xk). We can continue this process until we arrive at the last
column (and row). Since these operations do not change the value of the
determinant, we finally obtain

(YDY1) 0 0

0 (J/2.)/2) " - 0

G(x1, x2, . . . , xk) = ' ' ' (26)

0 0 ' ' ' (ykr yk)

= (Y1, )’1)()’2» Y2) ' ' ' ()/to Yk)-

Moreover, by the result of Sec. 8.62, we have the inequality

0 < G(X1» X2, - - - 7 Xk) < (X1, X1)(X2» X2) ' ' ' (Xk» Xk)- (27)

Next we examine the conditions under which the quantity G(x1, x2, . . . , xk)
can take the values 0 or (x1,x1)(x3, x2) - - - (xk, xk). It follows from the
form (26) of the Gram determinant that it vanishes if and only if one of the
vectors yl, y3, . . . , y,, vanishm. But according to Sec. 8.62, this implies
that the vectors xl, x2, . . . , xk are linearly dependent. Moreover, according
to (26) and Sec. 8.62, the second equality sign holds in the inequality (27)
only in the case where the vectors xl, x3, . . . , xk are already orthogonal.
Thus we have proved the following

THEOREM. The Gram determinant of the vectors xl, x2, . . . , xk vanishes if
the vectors are linearly dependent and is positive if they are linearly independ-
ent. It equals the product of the squares of the lengths of the vectors xl,
x3, . . . , xk if they are orthogonal and is less than this quantity otherwise.

8.72. The volume of a k-dimensional hyperparallelepiped. As is well known
from elementary geometry, the area of a parallelogram equals the product of
a base and the corresponding altitude. If the parallelogram is determined
by two vectors x1 and x3, then for the base we can take the length of the
vector x1 and for the altitude we can take the length of the perpendicular
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dropped from the end of the vector x2 onto the line containing the vector x1.
Similarly, the volume of the parallelepiped determined by the vectors xl, x2
and x3 equals the product of the area of a base and the corresponding
altitude; for the area of the base we choose the area of the parallelogram
determined by the vectors x1 and x2, and for the altitude we take the length
of the perpendicular dropped from the end of the vector x3 onto the plane
of the vectors x1 and x2.

These considerations make the following a very natural inductive defi-
nition of the volume of a k-dimensional hyperparallelepiped in a Euclidean
space: Given a system of vectors xl, x2, . . . , x3 in a Euclidean space R, let
h, denote the perpendicular dropped from the end of the vector x,+1 onto the
subspace

L(x1,x2,...,x,) (j=l,2,...,k-—l),

and introduce the following notation:

V1 = ]x1| (a one-dimensional volume, i.e., the length of the
vector x1),

V2 = V1 |h1| (a two-dimensional volume, i.e., the area of the
parallelogram determined by the vectors xl, x2),

V3 = V2 |h2] (a three-dimensional volume, i.e., the volume of the
parallelepiped determined by the vectors xl, x2, x3),

V3 = V3_1 ]h3_1| (a k-dimensional volume, i.e., the volume of the
hyperparalleliped determined by the vectors xl, x2,
. . . , x3).

Obviously the volume V3 can be written in the form

Vk E V[x17 X2, - - - 7 Xkl : lX1l lhll ' ' ' lhk-1l-

Using equation (26), we can express the quantity V3 in terms of the vectors
xl, x2, . . . , x3 as follows:

(X1, X1) (X1, X2) ' ' ' (X1, Xk)

2 (X2, X1) (X2, X2) ' ' ' (X2, Xk)
V3 = .

(xki X1) (xkt X2) ' ' ' (xki Xk)

Thus the G_ram determinant of the k vectors xl, x2, . . . , x3 equals the square
of the volume of the k-dimensional hyperparallelepiped determined by these
vectors.

8.73.Let
5]" (j=l,2,...,k;i=l,2,...,n)
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be the components of the vector x,- with respect to an orthonormal basis
el, e2, . . . , e,,. Expressing the scalar products in terms of the components
of the vectors involved, we obtain the following formula for V3:

_§§1>g§1> _j_ . . . _j_ Eqligqlt . . . alright + . . . + £21152.)

V2 anal) _j_ . . . + Eifbzilll . . . Eifizgkl + . . . + Eifzlnk)

k

Eiktgqlt + . . . _j_ gljtgglt . . . Eqktgikt + . . . + Eqktzqi

We now use an argument similar to that used in Sec. 4.54. Every column
of the determinant just written is the sum of n “elementary columns” with
elements of the form E§"IE§.°‘I, where the indices at and i are fixed in each
elementary column, while j ranges from 1 to k. Therefore the whole deter-
minant'equals the sum of n" “elementary determinants” consisting only of
elementary columns. In each elementary column the factor Eff‘) is constant
and hence can be factored out of the elementary determinant. As a result,
each elementary determinant takes the form

Elf’ E]-1‘ E51’
~¢2) --(,2) ___ <2)

£21723) . . . ‘:11 E": £17. 7

2:1" ti-1" - - - at-1:’
where i1", i2, . . . , i3 are numbers from 1 to n. If some of these numbers are
the same, then the corresponding elementary determinant obviously vanishes.
Thus we need only consider the case where i1, i2, . . . , i3 are all difierent. In
the entire sum we group together those terms of the form (28) which have
the same indices i1, i2, . . . , i3 but arranged in difierent orders. Let

M2[j1vj22 ' - - vjkl

denote the sum of all such terms, where j1,j2, . . . ,j3 are the indices i1,i2,
. . . , i3 rearranged in increasing order. An argument similar to that used in
Sec. 4.54 then leads to the following result: In the n >< k matrix

||.£§"’|| (i=l,2,...,n;j=l,2,...,k),
the quantity M2[j1,j2, . . . ,j3] is the square of the minor of order k formed
from the columns of this matrix with indices j1,j2, . . . ,j3. The sum of all
the terms (28) equals the sum of the squares of all the minors of order k of
the matrix ||E§"I||. Thus the square of the volume of the k-dimensional
hyperparallelepiped determined by the vectors xl, x2, . . . , x3 equals the sum
of the squares of all the minors of order k in the matrix consisting of the
components of the vectors xl, x2, . . . , x3 with respect to any orthonormal
basis el, e2, . . . , e,,.
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8.74. In the case k : n, the matrix || EIFIII has only one minor of order k,
equal to the determinant of the matrix. Hence the volume of the n-dimensional
hyperparallelepiped determi:1ed by the vectors xl, x2, . . . , x,, equals the
absolute value of the determinant formedfrom the components of the vectors
xl, x3, . . . , x,, with respect to any orthonormal basis.

8.75. Hadamard’s inequality. Using the results of the preceding section,
we can obtain an important estimate for the absolute value of an arbitrary
determinant

E11 £12 ' ' ' Elk

£21 £22 ' ' ' E21:1) :

Zkl Ek2 Ekk

of order k. If we regard the numbers 5,2, Z,-2, . . . , E,-3 (i : 1, 2,... , k) as
the components of a vector x,- with respect to an orthonormal basis in a
k-dimensional Euclidean space, then the result of Sec. 8.74 allows us to
interpret the absolute value of the determinant D as the volume of the
k-dimensional hyperparallelepiped determined by the vectors xl, x2, . . . , x3.
Then, using the expression for this volume in terms of the Gram determinant,
we have

D2 = G(x1, x3, . . . , x3).

Applying Theorem 8.71, we obtain

2:’.- ...
l\/1*

.-
-{*13:“D2 < (X1. X1)(X2. X2) ' ' ' (Xi.-. Xk) =

an inequality known as Hadamard’s inequality. Moreover, we note that
according to Theorem 8.71, the equality holds if and only if the vectors
xl, x2, . . . , x3 are pairwise orthogonal.

The geometric meaning of Hadamard’s inequality is clear, i.e., the
volume of a hyperparallele/epiped does not exceed the product of the lengths
of its sides, and it equals this product andonly'if its sides are orthogonal.

8.8. Incompatible Systems and the Method of Least Squares

8.81. Suppose we are given an incompatible system of linear equations

a11X1 ‘l‘ a12X2 ‘l‘ ' ' ' -lr almxm = b1.

a21X1 + a22X2 air ' ' ' ‘l‘ a2mxm = b2. (29)

a,,1x1 + a,,3x2 —I- - - - + a,,,,,x,,, = b,,.
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Since the system is incompatible, it cannot be solved, i.e., we cannot find
numbers cl, c2, . . . , c,,, which satisfy all the equations of the system when
substituted for the unknowns x1,x2, . . . , xm. Thus if we substitute the
numbers E1, E2, . . . , Em for the unknowns xl, x2, . . . , x,,, in the left-hand
side of the system (29), we obtain numbers Y1, Y2, . . . , Y, which difier from
the numbers bl, b2, . . . , b,,. This suggests the following problem: Given
real numbers a,3 and b3 (j = l, . . . ,m; k = 1, . .. ,n) find the numbers
E1, E2, . . . , Em which when substituted into (29) give the numbers Y1, Y2, . . . ,
Y, with the smallest possible mean square deviation

8': =§1(Yt — 1».->2 <30)
from the numbers bl, b2, . . . , b,,, and find the corresponding minimum value
of S2.

An example of a situation where this problem arises in practice is the
following: Suppose we want to determine the coeflicients E, in the linear
relation

b :E1a1 Cl‘ E2a2 ‘l‘ " ' ‘l‘ Errtam

connecting the quantity b and the quantities al, a2, . . . , am, given the rmults
of measurements of the a,- (j = l, 2, . . . , m) and the corresponding values
of b. If the ith measurement gives the value a,-,» for the quantity a,» and the
value b,- for the quantity b, then clearly

Elail + E2a12 Cl‘ ' ' ' + Ernaim = bi‘ (31)
Thus n measurements lead to a system of n equations of the form (31), i.e.,
a system of the form (29). As a result of unavoidable measurement errors,
this system will generally be incompatible, and then the problem of finding
the coeflicients Z1, Z2, . . . , Em dom not reduce to the problem of solving
the system (29). This suggests determining the coeflicients E, in such a way
that every equation is at least approximately valid and the total error is as
small as possible. If we take as a measure of the error the mean square
deviation of the quantities

m

Y1 = Z1 aijzi

from the known quantities b,-, i.e., if we take formula (30) as a measure of
the error, then we arrive at the problem formulated at the beginning of this
section. Moreover, in this case, it is also useful to know the quantity S2,
since this helps to estimate the accuracy of the measurements.

8.82. We can immediately solve the problem just stated, if we interpret
it geometrically in the real space R3. Consider the m vectors al, a2, . . . , am
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whose components form the columns of the system (29), i.e.,

a1 = (a117 a217 - - - 7 a'!l1)7

a2 = (a127 a227 - - - 7 a'!l2)7

am = (alm, a2m, . . . , am").

Forming the linear combinations Elal + E2a2 _]_ . . . _I_ imam, we obtain the
vector Y I (Y1, Y2, . . . , Y,,). Our problem is to determine the numbers
E1, E2, . . . , Em in such a way that the vector Y has the smallest possible
deviation in norm from the given vector b = (bl, b2, . . . , b,,). Now the set
of all linear combinations of the vectors al, a2, . . . , am forms a subspace
L : L(a1, a2, . . . , am), and the projection of the vector b onto the subspace
L is the vector in L which is the closest to b. Therefore the numbers E1, E2,
. . . , Em must be chosen in such a way that the linear combination

Elal Cl‘ E2a2 Cl‘ ' ' ' Cl‘ Emam

reduces to the projection of b onto L. But, as we know, the solution of this
problem is given by the last equation in Sec. 8.53, i.e.,

(a17 a1) ' ' ' (aj—17 a1) (b7 a1) (a7'+17 a1) ' ' ' (am7 a1)

.1firs: 1.: I’
(ah am) I ' ' (a;i—17 am) (b7 am) (bail-P17 am) - . - (awn am)

where D is the Gram determinant G(a1, a2, . . . , am).

8.83. The results of Sec. 8.72 also allow us to evaluate the deviation S
itself. In fact, S is just the altitude of the (m + l)-dimensional hyper-
parallelepiped determined by the vectors al, a2, . . . , am, b, and hence is
equal to the ratio of volumes

V[a17 a27 ' - - 7 arm

V[a17 a27 ' - ' 7 aml -

Using the Gram determinant to write each of these volumes, we finally
obtain

82 : G(a17 a2» - - - 7 am7 b)
G(a1, a2, . . . , am)

Thus the problem posed in Sec. 8.81 is now completely solved.
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8.84. In numerical analysis the following problem is often encountered
(interpolation with the least mean square error): Given a function fl,(t) defined
in the interval a < t < b, find the polynomial P(t) of degree k (k < n) for
which the mean square deviation from the function fl,(t), defined by

82/... P) = $011.0.-) — Po.-)1:
is the smallest. Here to, t1, . . . , t,, are certain fixed points of the interval
a < t < b. Using geometric considerations, M. A. Krasnosyelski has given
the following simple solution of the problem: Introduce a Euclidean space
R consisting of functions f(t) considered only at the points to, t1, . . . , t,,,
and define the scalar product by

<1. g) = §0/<r.-)g<r.-)-
Then the problem reduces to finding the projection of the vector fl,(t) onto the
subspace of all polynomials of degree not exceeding k. The coeflicients of
the desired polynomial

P(t) : E0 + E1; + . . . + Eh’).-

are given by the same formulas as in the problem analyzed previously, i.e.,

(1.1) (1.1) (H-1. 1) <1... 1) (W51) --- (:51)
(1.1) (171) ~-~ (/C‘. I) (f... t) 0"“. I) --- (t"7 t)

l . . . . .
E?‘ Z B ‘ 7

<14") (t. 1”) (r’C‘. 1") (fo7 1") 0"“. 1") --- (/2 1")
where D is the Gram determinant G(l , t, . . . , t"). The least square deviation
itself is given by the formula

k82 ’P=G(l,t,...,t,P)_
U0 ) G(1,t,...,t")

8.9. Adjoint Operators and Isometry

8.91. Adjoint operators with respect to the form (x, y). We now apply
the results of Sec. 7.6 on the connection between linear operators and
bilinear forms to the case where the fixed form (x, y) is the scalar product of
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the vectors x and y. Let A and B be linear operators in a Euclidean space R,,,
and use the formulas

A(X7 y) = (AX. )/)7 B(X. y) = (X. By) (32)
to construct bilinear forms A(x, y) and B(x, y). Since any orthogonal basis
is a canonical basis of the form (x, y), and since the canonical coeflicients
of (x,y) all equal l in any such basis, it follows from Sec. 7.61 that the
matrix ||a,-3|] of the form A(x, y) in any orthonormal basis coincides with
the matrix ||a3”|| of the operator A, while the matrix ||b,-3|] of the form
B(x, y) is the transpose of the matrix ]|bj"’|| of the operator B. Conversely,
given bilinear forms A(x, y) and B(x, y) in the space R,,, there exist unique
linear operators A and B such that the formulas (32) hold (see Sec. 7.62).
Moreover, applying Theorem 7.63 to the form (x, y), we get the following

THEOREM. Given any linear operator A acting in an n-dimensional Euclidean
space R2, there exists a unique linear operator A’ (the adjoint of A) acting in
R such that

" (Ax. y) = (x. Aw)
for arbitrary x, y €R,,. The matrix of the operator A’ in any orthonormal
basis of the space R, is the transpose of the matrix of the operator A.

8.92. Using the operation of taking the adjoint in a Euclidean space, we
now introduce the following classes of operators:

a. Symmetric operators, defined by the relation

A’ = A.

A symmetric operator is characterized by the fact that transposition does
not change its matrix in any orthonormal basis.

b. Antisymmetric operators, defined by the relation

A’ = —A.

An antisymmetric operator is characterized by the fact that transposition
changes the sign of its matrix in any orthonormal basis.

c. Normal operators, defined by the relation

A’A : AA’.

The class of normal operators obviously contains the class of symmetric
operators and the class of antisymmetric operators. The study of these
classes of operators will be pursued in Secs. 9.3—9.4.

8.93. We now formulate the results of Secs. 7.73-7.76 on invariant
operators for the case of a Euclidean space R,,. Consider a linear invertible
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mapping y = Qx of the space Rn into itself which does not change the scalar

P’°°'“°" <Q><. Qy) I (x. y)-
A mapping of this kind, which in Sec. 7.73 was said to be invariant with
respect to the form (x, y), will now be called isometric. Thus an isometric
operator Q is characterized by the relation

Q’Q I E
(cf. formula (33), p. 201), where E is the unit operator and Q’ is the operator
adjoint to Q with respect to the form (x, y), i.e., the operator adjoint to Q
in the sense of Sec. 8.91. The inverse Q_1 I Q’ of an isometric operator
is itself isometric, and so is the product of two isometric operators (see Sec.
7.74).

According to Sec. 7.75, an isometric operator Q is characterized by the
fact that it carriw every orthonormal basis el, . . . , en into another ortho-
normal basis fl : Qel, . . . ,f,, : Qe". The matrix Q I llqflll of an iso-
metric operator Q in any orthonormal basis is called an orthogonal matrix.
An orthonormal matrix is characterized by the conditions (35), p. 202, which
in the present case take the form

ii H) (H pi 1 if j == k,
1:111)" ‘I1: ' 0 if jik’

or by the conditions (35’), p. 202, which take the form

1- 1 if 1 = ITI
(i) (mi 7

‘I. 4- :
1:21 p L i0 if jqé nt,

i.e., the sum of the squares of the elements of any row (or column) equals l,
while the sum of the products of the corresponding elements of two different
rows (or columns) equals 0.

8.94. It follows from the relation Q“1 : Q’ that the formulas

fl I ql”e1 + - - - + qi.“@,..
. . . . . . . . . . . . . . . . . . . . . (33)

ft I q§"’e1 + - - - + qi."’e,,
for the transformation from one orthonormal basis el, . . . , en to another
orthonormal basisfl, . . . ,f,, (such a transformation is called an orthogonal
transformation) are “inverted” by the formulas

81 I qi“f1 + ' - ' + qi"’f,,.
. . . . . . . . . . . . . . . . . . . . . (34)

8,. I q§.“fi + - - - + qL"’fn
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By Sec. 5.31, the components 1],, ofa vector x with respect to the basisfl, . . . ,
f,, are expressed in terms of the components E, of the same vector with respect
to the basis el, . . . , e,, by the formulas

m I qi"€1 + - - - + qi."Em
. . . . . . . . . . . . . . . . . . . . . . (35)

in I qi"’E1 + ' ' - + qi!"Z.,,
with inverse formulas

E1 = qinlll + ' ' ' + qimfln,
. . . . . . . . . . . . . . . . . . . . . . (36)

E. I qi."m + " - - + qiI"m-
8.95. Given m < n rows of numbers qf.“ (i= 1, . . . ,n;j= 1, . . . ,m)

satisfying the conditions

5; (1') on [1 if J: k’qt qt =
i=1 0 if j ¢ k,

consider the problem of finding n -— m more rows of numbers qiil (j =
m + 1,. . . , n) such that the n >< n matrix ||q§"ll (i,j = l, . . . , n) is orthog-
onal. This problem is easily solved by using a geometrical argument.
Suppose the given rows qf.” are interpreted as components of m vectors in a
Euclidean space R,, with scalar product

1|

((511 ' ' ' 1 E'n)9(7i19 ~ - ' 1 = Z Eiyii
i=1

(recall Example 8.22b). Then our problem consists of augmenting m given
orthonormal vectors ql, . . . , q,,, with further vectors to make an orthonormal
basis for the space R,,. With this geometrical interpretation, the problem is
obviously solvable. For example, we can augment q1,. . . ,q,,, with any
other vectors q,,,+1, . . . ,q,, such that the resulting system of n vectors is
linearly independent, and then use Theorem 8.61 to make the whole system of
n vectors orthonormal.

8.96. We now consider some further properties of symmetric operators.
a. If the subspace R’ C R is invariant under the operator A, then, by Sec.

7.65, the orthogonal complement of R’ is invariant under the adjoint operator
A’. Therefore, in the case of a symmetric operator A, if the subspace R’
is invariant under A, then so is the orthogonal complement of R’.

b. THEOREM. Every symmetric operator in the plane (n = 2) has an
eigenvector.
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Proof. In this case, the equation determining the eigenvectors is just

an T 7‘ a12 _ 0

a21 a22 * 7\

The discriminant of this quadratic equation is

(an + a22)2 * 4(a11a22 * a21a12) =(a11 "‘ a22)2 + 4ai2 > 0,
and hence has real roots. | i

c. From these considerations and the fact that every operator in a real
space has an invariant plane (see Sec. 6.66), it follows that every symmetric
operator in the space R,, has an orthogonal basis consisting of eigenvectors.
In Sec. 9.45 we will deduce this result in a more general way, without recourse
to the real Jordan canonical form.

PROBLEMS

1. Suppose we define the scalar product of two vectors of the space V3 as the
product of the lengths of the vectors. Is the resulting space Euclidean?

2. Answer the same question if the scalar product is defined as the product of
the lengths of the vectors and the cube of the cosine of the angle between them.

3. Answer the same question if the scalar product is defined as twice the usual
scalar product.

4. Find the angle between opposite edges of a regular tetrahedron.

5. Find the angles of the “triangle” formed in the space R2(——1, 1) by the
vectors x1(t) = 1, x2(t) = r, x3(t) = 1 — r.
6. Write the triangle inequalities in the space R2(a, b).

7. Find the cosines of the angles between the line E1 = E2 - I 5,, and the
coordinate axes in the space R,,.

8. In the space R, expand the vectorf as the sum of two vectors, a vector g
lying in the linear manifold spamed by the vectors bi and a vector h orthogonal
to this subspace:

a) f= (5.2. -2.2). bl I(2,1.1. I1). b2 I (1. 1.3.0);
b) fI (—3,5,9,3), bl I(1,1,1,1). be I (2, —1.1.1),

b3 = (2, -7, -1, -1).
9. Prove that of all the vectors in the subspace R’, the vector g of Sec. 8.51
(the projection offonto R’) makes the smallest angle with

10. Show that if the vector go in the space R’ is orthogonal to g (the projection
offonto R’), then go is orthogonal tof itself.
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11. Show that the perpendicular dropped from the origin of coordinates onto a
hyperplane H has the smallest length of all the vectors joining the origin with H.

12. Given the system of vectors x1 I i, x2 I 2i, x3 I 3i, x4 I 4i I 2j, x5 I
Ii + 10j, x6 I i + j + Sk in the space V3 with basis i,j, k, construct the vectors

y1,y2, . . . , ye figuring in the orthogonalization theorem.

13. Using the method of the orthogonalization theorem, construct an orthogonal
basis in the three-dimensional subspace of the space R4 spanned by the vectors
(1,2.1,3).(4.1.1,1),(3.1,1,0)-
14. Given two subspaces R’ and R” of a Euclidean space R, let m(R’, R”) denote
the maximum length of the perpendiculars dropped onto R” from the ends of
the unit vectors e’ e R’, and define the quantity m(R”, R’) similarly. Then the
quantity

6 I max {m(R’, R”), m(R", R')}

is called the spread of the subspaces R’ and R”. Show that the subspaces R’ and
R” have the same dimension if 6 <1 l. (M. A. Krasnosyelski and M. G. Krein)

15. Find the leading coefficient A,, of the Legendre polynomial P,,(r).

16. Show that P,,(r) is an even function for even n and an odd function for odd
n. In particular, find P,,( I1).

17. Show that if the polynomial rP,,_1(r) is expanded in terms of the Legendre
polynomials, so that

rP,,_1(r) I a0P0(t) + a1P1(t) + - - - + a,,P,,(r),
then the coefficients ao, al, . . . , a,,_3 and a,,_1 are zero.

18. Find the coeflficients a,,_2 and a,, of the expansion of the polynomial rP,,_1(r)
given in the preceding problem, thereby obtaining the recurrence formula

nP,,(t) I (Zn I 1)rP,,_1(r) - (n - 1)P,,__.,(r).
19. Find the polynomial

Q(r) I 1" + b1r"I1 + - - - + b,._1t + b.,
for which the integral

ii Q2(t)i1t
has the smallest value. 71

20. Find the norm of the Legendre polynomial P,,(r).

21. Let A be any linear operator acting in an n-dimensional Euclidean space R,,.
Show that the ratio

V[Ax1,Ax2, . . . , Axn]
k(A) I ———————————V[x1, x2, . . . , x,,]

is a constant (i.e., is independent of the choice of the vectors xl, x2, . . . , x,,),
and find the value of k(A) (the “distortion coefficient”).
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22. Show that k(AB) I k(A)k(B) for any two linear operators A and B.

23. Let xl, x2, . . . , xk, y, z be vectors in a Euclidean space R. Prove the
inequality

V[x1, x2, . . . , x;,,y, 2] V[x1, xi, . . . , xk, 2]
< . 3

Vlxu X2, - - - , Xx’)/l V[X1, X2, - - - , Xkl V ( 7)

24. Let xl, x2, . . . , x,,, be vectors in a Euclidean space R. Prove the inequality
m .

V[x1, x2, . . . , x,,,] < H {V[x1, . . . , x,,_1, x,,+,, . . . , x,,,]}1l""*1l. (38)
k=1

What is the geometric meaning of this inequality?

25 (Continuation). Prove the following inequalities, which Sharpen I-Iadamard’s
inequality:

V[x19 X2! ' ~ ~ 9 xm]

17!

< H {I/[X17 - - - , xk—1, Xk+1, - - - , xml}1l(m_1)
k=1

m
ll’ 1-2 -1! -2

<~ {V[x1s ' ' ' 9 xk-19 xk-kl! ' ' ' 9 xl-1’ xl+1! ' ' ' 7 xml} (m )(m )
1<k<l<m

< . . . < H {I/[xsv X52’ _ _ . , xsr]}1'2"'('!|-T)l(1n-1)(m-—2)"'1‘

l<.s1<$2<'"<s,€m

< . . . <1<s11's£<m{V[xs1,x82]}1l(m—1) < 11 |x8|_

(M. K. Faguet)

26. If |a,-,,| < M, then
det Hamil < M"n"l2,

by Hadamard’s inequality. Show that this estimate cam1ot be improved for
n I 2"‘

27. Show that if N(A) and T(A) are the null space and range, respectively, of
the operator A, then the orthogonal complements of these subspaces are the
range and null space, respectively, of the adjoint operator A’.

28. Let A be an orthogonal matrix. Show that A,-,, I a,-,, det A is the cofactor
of the element a,-,, of A.

29. Show that the sum of the squares of all the minors of order k appearing in
k fixed rows of an orthogonal matrix equals 1. Show that the sum of the prod-
ucts of all the minors of order k appearing in one group of k rows with the
corresponding minors in another group of k rows equals 0.

30. A linear operator Q preserves the length oi every vector. Show that Q is
isometric.
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31. An operator A which preserves the orthogonality of any pair of vectors x
and y, i.e., such that (x,y) I 0 implies (Ax,Ay) I 0, is called an isogonal
operator. Isometric operators and similarity operators (Ax I Xx for every x)
are isogonal, and so is the product of any similarity operator and any isometric
operator. Show that every isogonal operator is the product of 1 similarity
operator and an isometric operator.

32. Let Q be a linear operator acting in an n-dimensional Euclidean space
R,, (n > 3). Suppose Q does not change the area of any parallelogram, so that

Vix, yl I V[Q-Y, Qy]-

Show that Q is an isometric operator.
33. Let Q be a linear operator acting in an n-dimensional Euclidean space R,,,
and suppose Q does not change the volume of any k-dimensional hyperparallele-
piped (k < n). Show that Q is isometric. (M. A. Krasnosyelski )

Comment. For k I n the assertion of Problem 33 fails to be valid, since
then every operator Q with det Q I il will satisfy the condition of the problem.

34. Let F I {xl, x2, . . . , xk} and G I {y1,y2, . . . ,yk} be two finite systems of
vectors in a Euclidean space R,,. Show that a necessary and sufficient condition
for the existence of an isometric operator Q taking every vector x,- into the
corresponding vector y,- (i I l, 2, . . . , k) is that the relations

(X.-,x.»> = (y.-.y.~) our = 1,2, _ - . .10
hold.

35 (The angles between two subspaces). Let R’ and R” be two subspaces of a
Euclidean space R. Let the unit vector e’ vary over the unit sphere of the
subspace R’, and let the unit vector e” vary (independently of e’) over the unit
sphere of the subspace R”. For some pair of vectors e’ I e1, e” I ea’, the angle
between e’ and e” achieves a minimum, which we denote by cl. Illow let e’ vary
over its unit sphere while remaining orthogonal to e{, and let e vary over its
unit sphere while remaining orthogonal to e1’. With these constraints, the angle
between e’ and e” achieves a minimum ck > cl for some pair e’ I eé, e’ I e;'.
Then let”e' vary over its unit spherehwhile remaining plrthogolnal tp e{dan'd elé,
ah_ e e vary oyer i s uni _sp ere w iiremaining o dogo a o e, a, ea ”ndlt 't 't h '1 " rt n t n .n

is way, we ge a new minimum ange c3 > ck an a new pair e3 an est.“
Continuing this process, we obtain a set of angles cl, ck, . . . , ck, the number o
which equals the smaller of the dimensions of R’ and R”. The angles cl, ck, . . . ,
ck are called the angles between the subspaces R’ and R”. Prove the following
facts;

a) The angles cl, ck, . . . , ck are uniquely defined and do not depend on
the choice of the vectors e{, e1’, eé, eg, . . . if these vectors are not uniquely
defined by the construction;
b) The angles cl, ck, . . . , ck determine the subspaces R’ and R” to within
their spatial orientation, i.e., if there are two pairs of subspaces R’, R”
and S’, S” such that the angles between R 'and R” are the same as those
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between S’ and S”, then there exists an isometric operator which simul-
taneously carries S’ into R’ and S” into R";
c) Given any preassigned angles cl < ck < - - - < ck < tr/2, we can con-
struct a pair of spaces R’ and R” such that cl, ck, . . . , ck are the angles
between R’ and R”.

36. Letyl, y2, . . . , y,,, be the projections of the vectors xl, x2; . . . , x,,, onto some
subspace. Show that the volume of the hyperparallelepiped determined by the
vectors y1,y2, . . . , y,,, does not exceed the volume of the hyperparallelepiped
determined by the vectors xl, x2, . . . , x,,,.

37 (Continuation). In Problem 36 suppose that both the vectors xl, x2, . . . , xm
and the vectors y1,y2, . . . , y,,, are linearly independent. Show that the formula

V[Y1,)/'2, - - - ,)/ml I Vlxp X2, - - - 9 xm] C05 ‘*1 C05 ‘*2 ' ' ' C05 mm

holds, where <11, <12, . . . , am are the angles between the subspaces L1 I
L(x1, x2, . . . , x,,,) and L2 I L(y1,_)/2, . . . ,y,,,) (see Prob. 35).

38. A set of k vectors in a Euclidean space R will be called a k-vector, and we
will say that two k-vectors {xl, x2, . . . , xk} and {\y1,j/2, . . . ,yk} are equal if

1) The volume V[x1, x2, . . . , xk] equals the volume V[y1,y2, . . . ,yk];
2) The linear manifold L(x1, x2, . . . , xk) coincides with the linear manifold
L(,v1.y2. - - - .yi);
3) The systems xl, x2, . . . , xk and y1,y2, . . . , yk have the same orientation,
i.e., the operator in the space L(x1,x2,. . . ,xk) carrying the system xl,
x2, . . . , xk into the system yl, )/'2, . . . , yk has a positive determinant.
Show that a k-vector {x1,x2, . . . ,xk} in an n-dimensional space R,, is

uniquely determined if we know the values of all the minors of order k of the
n >< k matrix

iia§"|| (i= l,2,...,n;jI1,2,...,k)
formed from the components of the vectors xl, x2, . . . , xk with respect to any
orthonormal basis el, e2, . . . , e,, of the space R,,.

39. If the k-vector {xl, x2, . . . , xk} equals the k-vector {_y1, yk, . . . , yk} (Prob.
38), show that the minors of order k of the matrix formed from the components
of the vectors xl, x2, . . . , xk equal the corresponding minors of the matrix
formed from the components of the vectors y1,y2, . . . , yk.

40. By the angles b_etween two k-vectors {xl, x2, . . . , xk} and {J/1, )/'2, . . . , yk}
we mean the angles between the subspaces L, I L(x1, x2, . . . , xk) and L2 I
L(y1,y2, . . . , yk) (see Prob. 35) subject, however, to the supplementary con-
dition that the vectors el, e2,. .. , ek chosen in the subspace L1 (when con-
structing the angles) have the same orientation as the vectors xl, x2, . . . , xk
(this condition plays a role only in constructing the last vector ek), and similarly
for the subspace L2. Show that the angles B1, B2, . . . , Bk between the k-vectors
and the angles <11, <12, . . . , izk between the corresponding subspaces are con-
nected by the following relations:

a,~=[i,- (/<k),

°‘k=l5k 01' °‘k="”51.--
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41. By the scalar product of two k-vectors X I {xl, x2, . . . , xk} and Y I
{y1, yz, . . . ,yk}, specified by the matrices X and Y made up of the components
of the vectors x,» and y, with respect to some orthonormal basis of the space R,,,
we mean the sum of all the products of the minors of order k of the matrix X with
the corresponding minors of the matrix Y. Show that this scalar product equals

V[x1, x2, . . . ,xk]V[y1,y2, . . . ,yk] cos B1 cos 52- ' - cos Bk,

where B1, B2, . . . , Bk are the angles between the k-vectors X and Y.

42. Show that the scalar product of the two k-vectors X I {x1,x2,. . . ,xk}
and Y I {_y1,y2, . . . ,yk} can be written in the form

(xv)/1) (xv)/'2) (xv)/k)

{X Y}: (X21)/'1) (X21)/'2) (X21)/'k) _

(xkwyl) (xk!)/2) (Xk))/Ir)

43. Show that if the polynomial [P(t)]" is an amiihilating polynomial of the
isometric operator A, then so is the polynomial P(t).



chapter 9

UNITARY SPACES

9.l. Hermitian Forms

9.11. A numerical function A(x, y) of two arguments x and y in a complex
space C is called a Hermitian bilinearform or simply a Hermitianform if it is
a linear form of the first kind in x for every fixed value of y and a linear
form of the second kind (Sec. 4.14) in y for every fixed value of x. In other
words, A(x,y) is said to be a Hermitian form in x and y if the following
conditions are satisfied for arbitrary x, y, z in C and arbitrary complex ot:T

A(x + Z. Y) = A(x,y) + A(Z» Y).
A(Qx, Y) I °@A(x» J’).

A(x. y + 2) = A(x,y) + A(x. 2). (1)
A(x, oty) I c2A(x, y).

Using induction and (1), we easily obtain the general formula
Ir m Ir m _

A(2c-Y.-.2 F5.-.Vi) = Z ice.-A<x.. y.->. <2)
i-I1 l=1 l=1 i=1

where xl, . . . ,xk,y1, . . . ,y,,, are arbitrary vectors of the space C and
oak, . . . , oak, (-31, . . . , (-3,, are arbitrary complex numbers.

T As usual, the overbar denotes the complex conjugate.

247
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9.12. Examples

a. If L1(x) is a linear form of the first kind and L2(x) is a linear form of
the second kind (Sec. 4.14), then A(x, y) I L1(x)L2(y) is a Hermitian form.

b. An example of a Hermitian form in an n-dimensional space C,, with a
fixed basis el, e2, . . . , e,, is the function

;l\/l=,..l\/l=
isA(x, Y) = _ _ tkzmki (3)

where
7| 7|

X I Z 51¢.-. y Iimei.
|'=1 lr=l

are arbitrary vectors and a,-k (i, k = 1, 2, . . . , n) are fixed complex numbers.
In fact, (3) is the general representation of a Hermitian form in an n-
dimensional complex space. This is proved in the same way as the analogous
proposition for bilinear forms in a space K,, (see Sec. 7.13).

9.13. A Hermitian form A(x, y) is said to be Hermitian—symmetric (or
simply symmetric) if

A(y. X) I A(x. y) (4)
for arbitrary vectors x and y. Given a symmetric Hermitian form A(x, y)
in an n-dimensional complex space C,,, suppose we use (3) to write A(x, y)
in terms of the components of the vectors x and y with respect to the basis
e1,..., e,,. Then

an = A(ei! en) = A(ek! er) = dkir (5)

i.e., the matrix ||a,k|| of the form A(x, y) in the basis el, . . . ,e,, is carried
into itself by transposing the matrix and replacing all its elements by their
complex conjugates. Conversely, if the coefiicients of a Hermitian form
A(x, y) satisfy the condition (5), then A(x, y) is symmetric, since

1| _ 1| _ 1| II-

A()C X) = Z ainllizn = Z di|iEi|"l|' I‘Z1ai..-5.11.» = A(x’ Y)-
. = = .lr=~. I- 1- -. >1- 1-

A matrix ||a,-k\| such that a,~k = ak, (i, k = l, . . . , n) will henceforth be
called Hermitian-symmetric (or simply Hermitian).

9.14. a. Suppose the Hermitian form A(x, y) has the matrix Am = ||a,-k||
in the basis el, . . . , e,, of the space C and the matrix Am = ||b,-k|| in the
basis fl, . . . ,f,,, where the relation between the two bases is given by

f, I§p§"*e, (i I 1,. . . ,n).
j=1
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Then, reasoning as in Sec. 7.15, we find that the relation between the matrices
Am and Am is given by the formula

Am = Pump’ (6)
whereP = ||p}"*|\ is the matrix of the transformation from the basis el, . . . , e,,
to the basisfl, . . . ,f,,, and P* is the matrix obtained from P by transposing
and then replacing elements by their complex conjugates. Writing P* =
||p;""'*||, we have -

113"" = i>.-"’ (i,.i I 1. - - - .1)-
b. Just as in Sec. 7.23, it follows from (6) that the rank of the matrix

Am of the Hermitian form A(x, y) is independent of the choice of the basis
{e}. The form A(x, y) is said to be nonsingular if its rank (i.e., the rank of
the matrix Am in any basis {e}) equals the dimension n of the space C,,. If
the form A(x, y) is nonsingular, then, given any vector xo #0, there is a
vector yo e C,, such that A(x0, yo) ck 0 (cf. Sec. 7.l5c).

9.15. a. By a Hermitian quadratic form in a complex space C we mean
the function of one variable x EC obtained by changing y to x in any
Hermitian bilinear form A(x, y). It follows from Sec. 9.l2b that in an n-
dimensional complex space C,, with basis el, . . . , e,,, a Hermitian quadratic
form can be expanded in terms of the components E1, . . . , 5,, of the vector
x by the formula

A(x, x) = Z 11111555» (7)
i.k=l

with complex coefficients a,-k. Conversely, a function A(x, x) of the form (7)
is the Hermitian quadratic form obtained by changing y to x in the Hermitian
bilinear form

A(x, Y) =_;_1a1i1Ei7li=-

b. If a Hermitian bilinear form A(x, y) is symmetric, so that a,k = ak,-,
then the corresponding Hermitian quadratic form A(x, x) is also said to be
symmetric. A symmetric Hermitian quadratic form A(x, x) can only take
real values, since it follows from (4) that

A(x, x) = A(x, x).

Unlike the situation in Sec. 7.22, there is a unique Hermitian bilinear
form A(x, y) corresponding to a given Hermitian quadratic form A(x, x).
In fact,

A(x + y. X + y) I A(x. X) + A(x. y) + A(y. X) + A(y. y).
A(x +1’)/1 x + = A(x>‘x) _ 1-A(x: + "A(Y» x) + Y)-
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Multiplying the first equation by i and then subtracting the second equation
from the first, we easily find that

1 . . .A(x. y) I 5 [A(x + y, X + y) + 1A(>< + 1y.x + 11)]

I [A(><. >0 + A<y.y>1.
so that A(x, y) is uniquely determined in terms of the values A(x, x), A(y, y),
A(x + y, x -1- y) and A(x + iy, x + iy) of the given Hermitian quadratic
form.

If the Hermitian quadratic form A(x, x) has the representation

§ivi= .5Pi‘A(><.x)I = E.-E1.

in some basis el, . . . , e,,, then the Hermitian bilinear form

§ivi= “ta
A(x. Y) = i;.Ei7]i~

obviously reduces to A(x, x) if we make the substitution y = x. Moreover,
asjust shown, this is the unique Hermitian bilinear form reducing to A(x, x)
under this substitution.

9.16. a. Given a symmetric Hermitian quadratic form A(x, x) in an
n-dimensional complex space C,,, there exists a basis in Ck in which A(x, x)
can be written in the canonical form

A(x. X) = 27\k"lkl'lk = 27% llliiiz (8)
iI1 I.-I1

with real coeflicients 7.1, 7.2, . . . , 7.”.
The proof of this proposition is analogous to that of Theorem 7.31.

Instead of equation (13), p. 186, we have

blmzlgm + b2m£2Em + ' ' ' + bm—1,m€m—1E11i + bmmgmém

'i' T71,.,E1Em + ' ' ' + Em—1_mE-mI1Zm

b m b°m v bm— m:bmm ;E1+;i§2+...+__.1-_gm_1+Em _j_A1(x,x)

(b,,,,,, ck 0), where A1(x, x) is a symmetric Hermitian quadratic form in the
variables E1, Z2, . . . , E,,,_1. Instead of the transformation (14), p. 187, we
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now have the transformation

E1 I E1 + Eé.
E2 I E1 + iié.
Ea =

5.. I E1.
which carries the sum a12E1.E2 + 12125152 (a12 cé 0) into the expression

((1.. + 1..)&;E; I »"<a.. I fi1.)Eé?.é + - - -.
where at least one of the two (real) coefiicients an + an and i(a12 I 12,2) is
nonzero.

b. The law of inertia (Theorem 7.91) continues to hold for a symmetric
Hermitian quadratic form A(x, x) in a complex space, i.e., the total number p
ofpositive coeflicients and the total number q of negative coeflicients among
the numbers 7.1, 7.2, . . . , 1,, do not depend on the choice of the canonical basis.
The proof of this proposition is the exact analogue of that of Theorem 7.91.
As in the real case, the number p is called the positive index of inertia and the
number q the negative index of inertia of the form A(x, x).

It should be noted that the law of inertia does not hold for quadratic
(as opposed to Hermitian quadratic) forms in a complex space C,,. For
example, the quadratic form

A(x. X) I ii + E3
is transformed into

A(x, X) I 1'li* vii
by the coordinate transformation

711 = E11 712 = 1-52-

c. Given a symmetric Hermitian quadratic form A(x, x) in a space C,,,
a canonical basis can always be found such that the corresponding canonical
coefiicients can only take the values il. In fact, having reduced the form
A(x, x) to the form

A(x. x) = 7\1i"11|2 *1‘ ' ' ' Ii‘ )\fli7l11i2 '“ P11 l"1|>+1l2 I ' ' ' T l*a l"11|+a|2~

where the numbers 7.1, . . . , AD, ul, . . . , pi, are all positive, we make another
coordinate transformation

T1 = 7111 - - - 1T1) = \/Z17l1HT11+1 : 7l11+1# ' ' ' !T11+0 = \/Q 7l11+0>
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thereby reducing A(x, x) to the form

A(x’ x) : iT1i2 + ' ' ' + iT1|i2 _ iTv+1i2 _ ' ' ' _ iTp+qi2

(cf. Sec. 7.93).

9.17. a. The vector x1 is said to be conjugate to the vector yl with respect
to the Hermitian bilinear form A(x, y) if

A(x1» Y1) = 0-

If the vectors xl, x2, . . . , xk are all conjugate to the vector yl, then every
vector of the linear manifold L(x1, x2, . . . , xk) spanned by xl, x2, . . . , xk
is also conjugate to yl (cf. Sec. 7.42c). In general, a vector yl conjugate to
every vector of a subspace C’ C C is said to be conjugate to the subspace C’.
The set C” of all vectors yl e C conjugate to the subspace C’ is obviously a
subspace of the space C. This subspace C” is said to be conjugate to C’.

A basis el, e2, . . . , e,, of the space C,, is said to be a canonical basis of
the form A(x, y) if

A(e,, ek) = 0 for i ck k.

Every symmetric Hermitian bilinear form A(x, y) has a canonical basis. In
fact, let el, e2, . . . , e,, be a basis in which the corresponding quadratic form
A(x, x) can be written in the canonical form

A(x» X) = Z 7115.-E1.
{I1

where

x = 2 Zkei.
1:]

Then, by Sec. 9.l5b, the bilinear form A(x, y) takes the canonical form

A(x, Y) = 2 7\1'Et7l¢
i=1

in this basis, where

y 2 ylieis
iI1

and hence
7., if i = k,

A(ei: ek) = 0 _f _¢ k
i 1 .

b. Suppose the principal descending minors S1, S2, . . . , 3,,_1 ofthe matrix
||a,k|| of a symmetric Hermitian quadratic form A(x, x) are all nonvanishing.
Then, just as in Sec. 7.52, we can use Jacobi’s method to construct a canonical
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basis for A(x, x), and the canonical coefficients of A(x, x) are given by the
same formulas

8 8x,=8,, x,=§,...,x,,=S—"-
1 nl

(8,, = det ||a,-k||) as on p. 195.

c. A symmetric Hermitian bilinear form A(x, y) is said to be positive
definite if A(x, x) > 0 for every x cé 0. Just as in the real case (Sec. 7.94),
an equivalent condition is that all the canonical coefiicients of A(x, x) be
positive, or alternatively, thatp = n, wherep is the positive index of inertia
of the form A(x, x).

Just as in Theorem 7.96, a necessary and sufficient condition for the
form A(x, y) to be positive definite is that

S,>0,S,>0,...,8,,>0
(Sylvester’s conditions). The proof given on p. 209 carries over without
change to the complex case.

9.18. a. Given a nonsingular symmetric Hermitian bilinear form (x, y),
we can introduce the concept of the adjoint of a linear operator (with respect
to the form (x,y)), just as in Sec. 7.6. First we note that if A and B are
linear operators in the space Ck, then the forms

A(x. y) I (AX. y). B(x, y) I (X. By)
are Hermitian bilinear forms, whose matrices are related to the matrices of
the operators A and B (in any canonical basis of the form (x, y) with canonical
coefficients 2,) by the formulas

ajm = Email)» btm = 51173;)
(the notation is the same as in Sec. 7.61). Conversely, given two Hermitian
bilinear forms A(x,y) and B(x,y), then, just as in Sec. 7.62, there exist
unique linear operators A and B such that

A(x. y) I (Any). B(x, y) I (x» By)-
b. lt follows, just as in Sec. 7.63, that given any linear operator A acting

in the space C,,, there exists a unique linear operator A* acting in C,, such
that

(Ax. y) I (X. A*y)
-for arbitrary x, y e C,,. The matrices ||a§,f)|| and ||aff’)|| of the operators A
and A* in any canonical basis of the form (x, y) with canonical coeflicients
s, are related by the formula

aflm) : it aw
91'
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The operator A* is called the adjoint (or Hermitian conjugate) of the operator
A with respect to theform (x, y).

c. The operation leading from an operator A to its adjoint A* has the
following properties (cf. Sec. 7.64):

1) (A*)* I A for every operator A;
2) (A -1- B)* I A* + B* for every pair of operators A and B;
3) (7.A)* I 7.A* for every operator A and every number 7. 6 C;
4) (AB)* I B*A* for every pair of operators A and B.

9.19. a. As in Sec. 7.71, two complex spaces C’ and C” equipped with
nonsingular symmetric Hermitian bilinear forms A(x’, y’) and A(x”, y”),
respectively, are said to be A-isomorphic ifthe spaces C’ and C” are isomorphic
regarded as linear spaces over the field C (see Sec. 2.71) and if

A(x’. y’) I A(x". y")
for all corresponding pairs of elements x’, y’ e C and x", y” e C".

b. THEOREM. Two finite-dimensional complex spaces C’ and C”, equipped
with nonsingular symmetric Hermitian bilinear forms A(x’, y’) and A(x”, y"),
respectively, are A-isomorphic and only they have the same dimension and
the indices of inertia p’, q’ of the form A(x’, y’) coincide with the corresponding
indices of inertia p”, q” of theform A(x”, y”).

Proof. Precisely the same as that of the analogous proposition for real
spaces (Theorem 7.93). I

c. ln particular, two n-dimensional complex spaces C; and CZ, equipped
with positive definite forms A(x’, y’) and A(x", y"), respectively, are always
A-isomorphic (cf. Sec. 7.97).

9.2. The Scalar Product in a Complex Space

9.21. lt will be recalled from Sec. 8.21 that the scalar product of two
vectors x and y in a real space is taken to be any fixed symmetric positive
definite bilinear form (x,y). The corresponding quadratic form (x,x) is
then positive for every nonzero vector x, and can be used to define the
length of x (see Sec. 8.31). ln a complex space, any symmetric positive
definite Hermitian bilinear form has the analogous property (see Sec. 9.l7c).
This leads to the following definition: A complex linear space C is said to be
a unitary space if it is equipped with a symmetric positive definite Hermitian
bilinear form (x, y), called the (complex) scalar product of the vectors x and
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y, i.e., if there is a rule assigning to every Pair of vectors x, y 6 C a complex
number (x, y) such that

a) (y, x) I (x, y) for every x, y 6 C;
b) (x,y + 2) I (x, y) + (x, 2) for every x, y, z e C;
c) (7.x, y) I 7.(x, y) for every x, y e C and every complex number 7.;
d) (x, x) > 0 for every x I 0 and (x, x) I 0 for x I 0.

Axioms a)—c) imply the general formula

PE‘ 3

_l\/1*’ ___[\/is(§1¢ix1'-glfiayi) :,= _=‘°‘1'Ei(xi» Y1)»

where xl, . . . ,xk,y1, . . . ,y,k are arbitrary vectors of the space C and
al, . . 3 , ak, (-31, . . . , i-},k are arbitrary complex numbers.

9.22. Examples

a. In the n-dimensional space Ck (Sec. 2. 15b) we define the scalar product
ofthe vectors x = (Z1, Z2, . . . , Zk) and y I (111, 1,2, . . . , 'Y]k) by the formula

(xa : glfil + €2fi2 + - - - + infin-

The reader can easily verify that axioms a)—d) are satisfied in this case.

b. In the space C(a, b) of all continuous complex-valued functions on the
interval a < t <_ b (Sec. 2.15d) we define the scalar product of the functions
x = x(t) and y = y(t) by the formula

b __
(X. y) = l X(t)y(1) dt-

Axioms a)—d) are then immediate consequences of the basic properties of the
integral.

9.23. Basic metric concepts. Next we introduce various metric concepts
in a unitary space C, just as was done in the case of a real Euclidean space
(Sec. 8.3).

a. The length of a vector. As in the real case, by the length (or norm) of a
vector x in a unitary space C we mean the quantity

|x| = +\/(x, x).

Every nonzero vector has a positive length, and the length of the Zero vector
equals 0. For any complex 7., we have the equality

itxi I ~/(M. M) I fie. x) I in ~/<x. x) I iii |x|.
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which shows that the length of a vector x multiplied by a numerical factor 7.
equals the absolute value of 7. times the length of x.

A vector x of length 1 is said to be a uni't vector. Every nonzero vector
can be normalized, i.e., multiplied by a number 7. such that the result is a
unit vector. In fact, we need only choose 7. such that

1Ill I I ,_ ixi
just as on p. 217.

The set of all vectors x 6 C such that |x| < 1 is called the uni't ball in C,
while the set of all x 6 C such that |x| I 1 is called the unit sphere.

b. The Schwarz inequality. The inequality

|(x. J/)| I lxl I)/I (9)
holds for every pair of vectors x and y in C. The idea of the proofis the same
as in the real case (Sec. 8.33), except that we must now be careful about
complex numbers. The inequality (9) is obvious if (x, y) =0. Thus let
(x,y) :,é 0. Clearly,

(M I y. M I y) > 0
for arbitrary complex 7.. Expanding the left-hand side, we get

I71’ (x,x) I to. 1) I X (x. 1) + (1. 1) > 0- (10)
Let Y be the line in the complex plane determined by the origin and the complex
number (x, y), and let Y’ be the line symmetric to Y with respect to the real
axis. Suppose 7. varies over the line Y’, so that 7. I tzo, where t is real and

Z0 Z (X:

|(><. )/)1
is the unit vector determining the direction of Y’. Then

7(x.y) I t|(x.y)|
is real, and hence

X (>7) I 70¢. y).
so that the inequality (10) becomes

1’(x, X) I Z1|(X.y)| + (LY) > 0- (11)
The same argument as in Sec. 8.33 now leads to the desired inequality (9).

If equality holds in (9), then the trinomial in the left-hand side of (11)
has a unique real root to (of multiplicity two). Replacing tzo by 7., we find
that the trinomial in the left-hand side of (10) has the root 7.0 = tozo. Therefore

(%xIy.7.XIy)I0
and hence y = 7.0x, so that the vectors x and y difier only by a (complex)
numerical factor.
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c. Orthogonality. Although the concept of the angle between two vectors
is not introduced in a unitary space, we still consider the case where two
vectors x and y are orthogonal, which means, just as in the real case, that

(x, y) I 0.

If x and y are orthogonal, then obviously

(y. X) I (X. y) I 0-
It is easily verified that the analogues of Lemmas 8.36aIb and the Pythagorean
theorem (Sec. 8.37) remain valid for orthogonal vectors in a unitary space.
Moreover, the analogue of the expansion theorem of Sec. 8.51 also holds,
i.e., given a finite-dimensional subspace C’ C C and a vectorfwhich is in
general not an element of C’, there exists a unique representation

fIg+h
where g 6 C’ and h is orthogonal to C’. The set of all vectors h orthogonal
to the subspace C’ is itself a subspace, which we call the orthogonal comple-
ment of the subspace C’ and denote by C”. Just as in Sec. 8.51, we see that
the original space C is the direct sum of the subspace C’ and its orthogonal
complement C”.

d. The triangle inequalities. If x and y are two vectors in a unitary space
C, then, by Schwarz’s inequality (9),

|x+fl“%x+xx+fi=%&fl+%mfi+%&fi+%xfi
I (X. X) + 2 |(x.y)| + (y.y) I (IXI + |y|)*,
> (X, X) I 2 |(x.)/)| -1- (Y1)/) > (|x| I I)/I)’.

Ix +)/I I lxl-1-1)/I. (12)

|x+y|>1|x|—|y|l- (13)
As in the real case, these inequalities are called the triangle inequalities.

9.24. Orthogonal bases in an n-dimensional unitary space Ck. According
to Sec. 9.l6a, the symmetric Hermitian bilinear form (x, y) has a canonical
basis el, e2, . . . , ek in the n-dimensional space Ck, and in this case the
condition

(er, ek) = 0 (195 k)

for the basis to be canonical reduces to the orthogonality condition. More-
over, the orthogonal basis vectors el, e2, . . . , ek can be regarded as nor-
malized, so that

|@.l I ie.i I - - - I |@..l I 1.
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Let
1| 1|

X =2Ek¢’i~» Y zzllkeu
kI1 k=1

be any two vectors in Ck, with components Ek, 1],, (k : 1, _ _ _ , ,1) with
respect to the basis el, e2, . . . , ek. We then get the following formula for
the scalar product (x, y) in terms of the components of x and y:

7|

(xi Y) I 215.1171):-,_=

9.25. a. As shown in Sec. 9.l8a, the formula

A(x. y) I (Ax. y)
establishes a one-to-one correspondence between Hermitian bilinear forms
A(x, y) and linear operators A acting in the space Ck. In any orthonormal
basis el, e2, . . . , ek of the space Ck, the matrix ||a,-,k|| of the form A(x, y) and
the matrix l|a§’"’|| of the operator A, where

aim : A(eJ's em)’

T’ ('1Ae, Ila ’ e,,,, _.
i»=1

are related by the formula
aim Z air?-

b. Let A be any linear operator acting in the space Ck. Then, as shown
in Sec. 9.l8b, there is a unique operator A*, the adjoint of A with respect
to the scalar product (x, y), such that

(Ax,y) I (X. A*y)
for arbitrary x, y e Ck. Since any orthonormal basis is a canonical basis for
the form (x, y), with canonical coefficients i-:,. I l, the matrices ||af,fl|| and
||a:1"*|l of the operators A and A* are related by the formula

a;i=(m) : J5

In other words, the matrix of the operator A* is obtained from that of the
operator A by “Hermitian transposition,” i.e., by transposition followed by
replacing all elements of the matrix by their complex conjugates. Corre-
spondingly, we call the matrix of A* the Hermitian conjugate (or adjoint) of
that of A.

c. As in Sec. 8.96a, the subspace C’ C C is invariant under the operator
A, then the orthogonal complement of C ’ is invariant under the adjoint opera-
tor A*.
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9.26. A coordinate transformation in an n-dimensional unitary space Ck
leading from one orthonormal basis to another is called a unitary trans-
formation. Unitary transformations are analogous to orthogonal trans-
formations in a Euclidean space (see Sec. 8.94). If el, . . . , ek andfl, . . . ,fk
are orthonormal bases in Ck and if U I ||u§j*|l is the matrix of the corre-
sponding unitary transformation, so that

'7|

fi : Elli.-’)@i..
kI1

then obviously
1- _—-_— l if 1 =1,</.-,f.~> I21i§."1il" I <14)

1.-I1 0 if i I j.

Conversely, if the numbers ufc” satisfy the conditions (14), then the matrix
||u,§“|| is a unitary matrix, i.e., the matrix of a unitary transformation.

The linear operator U corresponding to a unitary matrix is called a
unitary operator. Just like an isometric operator in a real space, a unitary
operator in a complex space does not “change the metric.” In other words,
if

7|

X = Y = 271191,
I 1I1,..'l\/l=

J\\ s.5-“
then

u.M3 . .. '-M= .
3

(U79, UY) = : Ei7l,~(U@1, U35) : :Eifi;'(f1',fa') ziglzfilj = (x) Y)-

The matrix V of the inverse transformation from the basisfl, . . . ,fk to
the basis el, . . . , ek is also unitary. Moreover, if V= |lv§,“||, we have

( .
uh’) Z ek): Uk’) Z (eisflr) Z ugl-

Thus the inverse of a unitary matrix is obtained by first transposing and then
going over to complex conjugate elements. Therefore

UI1 = U*

for a unitary operator U, or equivalently,

U*U I UU* I E.

9.3. Normal Operators

9.31. Definition. An operator A acting in an n-dimensional unitary
space Ck is said to be normal if it commutes with its own adjoint, i.e., if

A*A I AA* (15)
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(cf. Sec. 8.92c). An example of a normal operator is given by any operator
A whose eigenvectors el, . . . , ek, satisfying the relation

Ael:)‘:iea' (]'=1,---J1).
form an orthogonal basis in Ck. In fact, the matrix of the operator A in the
basis el, . . . , ek is then of the form

7., 0 . . . 0

0 7.2 0
(16)

0 0 7.k
But, by Sec. 9.25, the matrix of the operator A* in the same basis el, . . . , ek
is just

1, 0 ... 0
0 X, 0

. (17)

0 0 X,
from which is is obvious that the operators A and A* commute.

9.32. THEOREM. Every eigenvector x ofa normal operator A with eigeni-alue
7. is an eigenvector of the operator A* with eigenvalue X.

Proof. Let P C Ck be the subspace consisting of all eigenvectors of the
operator A with eigenvalue 7.. If x 6 P, then

AA*x I A*Ax I A*(7.x) I 7.A*x,
which implies A*xeP. Hence P is invariant under the operator A*.
Moreover,

(A*x.y) I (X. Ar) I (x. Ky) I (ix. y)
for arbitrary x, y e P, and hence

A*x I ix. I
9.33. a. THEOREM. Given any normal operator A acting in a unitary

space Ck, there exists an orthonormal basis el,. . . , ek in Ck consisting of
eigenvectors of A.

Proof. The normal operator A, like every linear operator in the space C k,
has an eigenvector (see Sec. 4.95b). Let e1 be an eigenvector of A with
eigenvalue 7., and let P C Ck be the subspace consisting of all eigenvectors
of A with this eigenvalue 7.. If P is the whole space Ck, then we need only
arbitrarily augment e1 with vectors ek, . . . , ek to make an orthonormal basis
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for Ck, thereby proving the theorem. Thus suppose P I Ck, and let Q be
the orthogonal complement of P in Ck. The subspace P is invariant under the
operator A*, as in the proof of Theorem 9.32 (in fact, A* carries every
vector x eP into the vector 7.x). It follows that Q is invariant under the
operator A itself, because of Sec. 9.25c and the fact that (A*)* I A (see
Sec. 9.18c). We can now prove the theorem by induction. In fact, suppose
the theorem is true for every space Ck of dimension n < k. Then it is also
true for Ck+1, since to get an orthonormal basis for Ck+1 consisting of
eigenvectors of A, we need only choose such a basis in the subspace Q (such
exists by the induction hypothesis, since the dimension ofQ is <k) and then
augment this basis by any orthonormal basis in P. The proof is now complete,
since the theorem is obviously true for the one-dimensional space C1. I

b. It follows from Theorem 9.33a that every normal operator A is
diagonalizable (see Sec. 4. 72f). In fact, A has the diagonal matrix

1,0 ...0i
0 7.2 0

A:

0 0 7.k
in the orthonormal basis constructed in Theorem 9.33a, consisting of
eigenvectors of A. The eigenvalues of A lie on the principal diagonal of this
matrix, each appearing a number of times equal to the dimension of the
corresponding characteristic subspace (cf. p. 110). Hence the characteristic
polynomial det ||A II 7.E|| of the operator A, which as we knowis independent
of the choice of basis (see Sec. 5.53), has the form

det ||A I 7.E|| I 1"’[(i, I 1)", fir, I I1, (18)
I.-I1 kI1

where 7.1, . . . , 7.k, are the distinct eigenvalues of the operator A and rl, . . . ,
r,k are the dimensions of the corresponding characteristic subspaces.

c. On the other hand, suppose it is known that a normal operator A has
a characteristic polynomial of the form

8 K

116111/1 I XEII I lT(i1i. I A)”. Z171. I '1. (19)
kI1 lrI1

where ul, . . . , ti, are distinct complex numbers and pl, . . . ,pk are certain
positive integers (multiplicities). Then it can be asserted that the operator A
has an orthonormal basis consisting ofeigenvectors with eigenvalues ul, . . . , u,,
where the dimension of the characteristic subspace corresponding to the
eigenvalue pi, isjust pj. In fact, the polynomials (18) and (19) must coincide,
by the uniqueness of the characteristic polynomial. But then our assertion
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follows from the familiar theorem on the uniqueness of the factorization of a
polynomial.

9.34. Self-adjoint operators. An operator A acting in a unitary space C
is said to be self-adjoint if A* I A, i.e., if

(Ax. Y) I (X. A)/) (20)
for arbitrary vectors x, y EC. Note that A is self-adjoint if and only if the
bilinear form (Ax, y) corresponding to A is Hermitian—symmetric.T Accord-
ing to Sec. 9.25, the matrix of a self-adjoint operator A in any orthonormal
basis coincides with its own Hermitian conjugate, i.e., with the matrix
obtained from that of A by transposition followed by taking complex
conjugates of all elements. Conversely, every operator A with a Hermitian-
symmetric matrix (i.e., a matrix equal to its own Hermitian conjugate) in
some orthonormal basis is self-adjoint.

Since a self-adjoint operator A is obviously normal, it follows from
Theorem 9.33a that there exists an orthonormal basis el, . . . , ek in the space
Ck in which the matrix of the operator A takes the form (16) and that of A*
takes the form (17). Hence 2,» I 7., (j I 1, . . . , n), since A* I A, i.e., the
numbers 7., are all real. This proves the following

THEOREM. Given any self-adjoint operator A in a unitary space Ck, there
exists an orthonormal basis el, . . . , ek consisting of eigenvectors of A with
eigenvalues that are all real.

Conversely, every linear operator A in the space Ck with the indicated
property is self-adjoint. In fact, A is normal by Sec. 9.31, and comparing
(16) and (17) we find that A* I A, since the numbers 7., are all real.

9.35. Antiself-adjoint operators. An operator A acting in a unitary space
Ck is said to be antiself-adjoint if A* I I-A. The matrix of an antiself-
adjoint operator A in any orthonormal basis el, . . . , ek has the following
characteristic property:

av. = (Ael, ek) = (ei. A*6’k) : (en "Aek) : I(Aek, er) : “dict

(i,kI l,...,n).

An antiself-adjoint operator A is obviously normal. Applying Theorem
9.33a, we find that there exists an orthonormal basis el, . . . , ek in the space
Ck in which the matrix of the operator A takes the form (16) and that of A*
takes the form (17). Hence X, I I7.,- (j I 1, . . . ,n), since A* I I-A,

Tln fact, the condition (Ay, x) I (Ax,y) is equivalent to (20). For this reason, a
self-adjoint operator might also be called Hermitian—symmetric.
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i.e., the numbers 7., are all purely imaginary. This proves the following

THEOREM. Given any antiself-adjoint operator A in a unitary space Ck,
there exists an orthonormal basis el, . . . , ek consisting of eigenvectors of A
with eigenvalues that are all purely imaginary.

Conversely, every linear operator A in the space Ck with the indicated
property is antiself-adjoint.

9.36. As in Sec. 9.26, an operator U acting in a unitary space Ck is said
to be unitary if U*U I UU* I E. In particular, every unitary operator is
normal. Applying Theorem 9.33a, we find that there exists an orthonormal
basis el, . . . , ek in the space Ck in which the matrix of the operator U takes
the form (16) and that ofU*takes the form (17). Hence 7T,-7., I l (j I 1, . . . ,
n), since U*U I E, or equivalently,

l)\jl:1 (jI1.---.11)
This proves the following

THEOREM. Given any unitary operator U in a unitary space Ck, there
exists an orthonormal basis e1,...,ek consisting of eigenvectors of the
operator U with eigenvalues that are all of absolute value 1.

Conversely, every linear operator U in the space Ck with the indicated
property is unitary.

9.4. Applications to Operator Theory in Euclidean Space

9.41. Embedding of a Euclidean space in a unitary space. As in Sec. 8.21,
let R be a (real) Euclidean space with scalar product (x, y). Consider the
complex space C consisting of the formal sums x + iy where x, y e R, with
the following natural operations of addition and multiplication by arbitrary
complex numbers:

(x1 "1'1’Y1) 'i' (x2 *1‘ 1-Y2) = (xi + x2) 'i'1’(Y1 + Y2),

(1 + il1)(x + fr) I (ax I111) + i(¢y + fix)-
Then it is easily verified that C has all the properties of a complex linear
space.

We now identify the vectors x + i0 with the vectors x e R, calling them
real vectors of the space C. The vectors 0 + iy will be denoted simply by iy
and called purely imaginary vectors. By the complex conjugate of the vector
x + i'y, written x + iy, we mean the vector x II iy.

Next we introduce a scalar product in the space C, defined by the formula

(x1 *1‘ ‘Y1’ x2 *1‘ 1Y2) I l(x1» x2) Ii‘ (Y1, Y2)l ‘l‘ 1’l(Y1, x2) " (xl, Y2)l-
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It is easily verified that this scalar product satisfies axioms a)—d) of Sec. 9.21.
In particular,

(X +1'y.X +1'y)I (X. X) -5- (1.1)-
Thus the space C contains the space R as a subset, equipped with the same

scalar product, and subject to the same operations of addition and multi-
plication by real numbers. Note that every orthonormal system (or basis)
el, . . . ,ek in the space R is also an orthonormal system (or basis) in the
space C.

9.42. Every linear operator A specified in the space R can be extended
into the space C by the formula

A(x + iy) I Ax + iAy, (21)
where the operator A is obviously a lin'ear operator in the space C. The
matrix of the operator A in the space C relative to a basis el, . . . , ek ER
coincides with the matrix of the operator A in the space R relative to the same
basis, since, according to (21),

Ae,-IAe,. (j=l,...,n).

This extension from A to A preserves algebraic relations between linear
operators, i.e., ifA + B I D in the space R, then A + B I B in the space
C, while if AB I D in the space R, then AB I 1) in the space C. This follows
for example from the fact that matrices are preserved under the extension
from A to A.

9.43. Let A’ be the adjoint of the operator A in the real space R (see Sec.
8.91). Then the extension A’ of the operator A’ into the space C is just the
operator A* adjoint to the extension A of A. In fact, given arbitrary vectors
z=x—l—iy,w=u—l—iveC,wehave

(A’(x + u + Z (A’x1 u) + u) t i(A’x1 U) + (A1,)/'9 U)

I (X. A")-1-1'()/. A")—1'(x. Av) -1" O’, Av)

I (x + iy. Ra + iv»,
as required.

In particular, the extension of a symmetric operator (A’ I A) is a self-
adjoint operator (A* I A), the extension of an antisymmetric operator
(A’ I —A) is an antiself-adjoint operator (A* I IIA), and the extension of
an isometric operator (U’ I UI1) is a unitary operator (U* I UI1). Finally,
the extension of a normal operator (A'A I AA’) is again a normal operator
(A*A I AA*).
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9.44. Structure of a real normal operator. Let cs and 1 be real numbers.
Then the easily verified matrix equality

= = 2 (Z2)
cs 1 cs -1 cs —1 6 1 02-1-1" 0

——1 cs 1 cs 1 cs -1 cs 0 02-1-1

G.T

shows that the matrix

commutes with its own transpose (and hence a fortiori with its own adjoint);
more generally, the same is true of the quasi-diagonal (real) matrix

——11 01

02 12
—12 02

61 T1

Gm Tm (23)
—1,,, cm

[Z
THEOREM. Given any normal operator A in a real Euclidean space R,,,

there exists an orthonormal basis fl, . . . ,f,, eR,, in which the matrix of A
is of the form (23), with m + r - n, where the numbers A, = 0,» + i1,
(j = 1, . . . , m) and )\,,,+1, . . . , X, are uniquely determined by A. In fact,
these numbers are the roots of the characteristic equation

det ||A - xE|| = 0, (24)
and each root of (24) appears in the matrix (23) a number of times equal to
its multiplicity.

oforder2m+r—m=m+r.

Proof. As in Sec. 9.41, we construct the unitary space C" whose scalar
product is the extension of the scalar product (x, y) defined in the space R,,.
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We then use (21) to extend the operators A and A’ into the space C”. As
shown in Sec. 9A.43, the extensions of A and A’ are the normal operator A
and its adjoint A*. Let ||a,-,,|l denote the matrix of the operator A relative to
any orthonormal basis el, . . . , en in the space Rn (the numbers am are real).T
Then the operator A has the same matrix relative to the basis el, . . . , en in
the whole space C". Since the characteristic equation (24) has real coefiicients,
if A, is an imaginary root of (24), then so is the complex conjugate 1,. Bearing
this in mind, we write the sequence of distinct roots of (24) in the form

)\1,)\1,. . . , hp, hp, )\,,+1, . . . , ha,

where the roots A1, . . . ,)\,, are imaginary and the roots ADM, . . . ,7,‘ are
real. Then, by Sec. 9.33b, the space C" can be represented as a direct sum of
orthogonal subspaces

A1, A1,. . . ,A,, A,,A,,+1, . . . ,A,,,

where A,» consists of all eigenvectors of the operator A corresponding to the
eigenvalue A, and K, consists of all eigenvectors of A corresponding to the
eigenvalue X,-, while _ __

An+1 = Ap+1’ ' ‘ ‘ ’ Ac : Au"

If z = x + iy e A,, then the equation Az = )\,~z becomes

zaikck = )‘jC:/'
k=1

in component form (with respect to the original basis el, . . . , e,,), where

z=@hM@w4a+mW@;+mh
Taking the complex conjugate and recalling that the numbers a,-k are real,
we get

7| _ __

zaikck = 7\jCi
k=1

This means that the vector 2 = (Z1, . . . , in) is also an eigenvector of the
operator A with eigenvalue Xi. It follows that the operation of taking the
complex conjugate carries the space A, into the space -Aj-

Now let A1 = 01 + i11, where 11 ¢ 0 since X1 ¢ X1, and let gl be any unit
vector in A1, so that §1 e A1. Moreover, let

f1 = fi(g1 + gr), f2 = \71i—l_(g1 _ gr),

so that

a=fim+m a=fim-m
T In the course of the proof, we will construct a new orthonormal basis fl, . . . ,f,, for

R, in which A has a matrix of the form (23).
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where the vectors fl and fl are obviously real, and moreover orthonormal,
since it follows from

(g1,g1)=(§1,§1)=l, (g1,§1)= 0
that

(flifl) = (Ah) = E [(g1a go + <z1,§1>1 = 1,
. l _ _ 1 _ _
(f1af2)= _ Z(g1 + 81’ Z1 — Z1) = — [(81, E1) — (Z1, 31)] = 0-

Since
A 1 A A 1 —

A =A =—_ A + A" =—_ )1 + )1 'f1 f1 \/2( E1 81) \/2( 131 181)

=§ [(61 + iT1)(.f1 + 112) + (61 - 1+l><fl - it/2)] = on - ms.
Af2 = Afz = _{_ (A31 " K51) = (A131 — 11$-$1) = T1f1 + °1f2,(/2 i (/2 l

we see that the operator A transforms the plane of the vectors fl, fl into
itself and has the matrix

G T1 1 (25)

—1l cl

in the basisfl,f2. If the dimension of Al is greater than 1, we choose another
unit vector gl eAl orthogonal to gl, with complex conjugate £2 6 Al (the
latter is automatically orthogonal to gl). Repeating the above construction
for gl and gl, we get a new pair of real vectors fa, fl which are linear com-
binations of gl, gl and hence orthogonal to the vectors fl, f2 (themselves
linear combinations of gl, gl). Clearly A transforms the plane of the vectors
f3,f, into itself and has the same matrix (25). Continuing this construction,
we eventually get 2m orthonormal real vectors fl, fl, . . . ,f2,,,_l,f2m, where
m is the sum of the dimensions of the subspaces Al, . . . , Al, and A trans-
forms the plane of the vectors fl,-_l, fl, into itself, with either the same matrix
(25) or the analogous matrix obtained by replacing cl, 1l by ck, 1,,
(k=2,...,p).

Next consider the subspace A,,+l corresponding to the real root )\,,+l =
Xl,“. The operation of taking the complex conjugate obviously carries the
subspace A,,+l into itself. Letg be any vector in A,,+l, and let g be its complex
conjugate. There are just two possibilities, namely, the vectors g and g are
either linearly independent (in C,,) or linearly dependent. If g and g are
linearly independent, then so are the real vectors

/-L-(g+ g) f'=—1—<g -:1,/2 ’ (/2 i
Like g and g, these vectors belong to A,,+l, and hence are eigenvectors of the
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operator A with the same eigenvalue 7\,,+l. On the other hand, if g and g are
linearly dependent, then

g = emg (0 < cp < 11:),
since g and g have the same length. Therefore

ewg : e-tog = ewg’

so that the vector

f = @‘“’g
is real. Moreover, sincef belongs to A,,+l, like g itself, f is an eigenvector of
A with the same eigenvalue )\,,+l. Thus, in any event (continuing this con-
struction if necessary), we can always find a basis in A,,+l consisting of real
vectors. Applying the orthogonalization theorem (Theorem 8.61) to this
basis, we finally get first an orthogonal and then an orthonormal basis in
A,,+l. Clearly the operator A transforms A,,+l into itself and has the diagonal
matrix AMI 0 _ _ p 0

0 1,+l 0 (26)

0 0 "@+1
in the orthonormal basis. Repeating this construction for the remaining
subspaces AMl, . . . , Al, we eventually obtain a set of orthonormal vectors
f2,,,+l,f2,,,+2, . . . ,f,,, which together with the previously constructed vectors
fl,f2, . . . ,fm form a full orthonormal basis for R,,. To complete the proof,
we need only take account of the special form of the typical blocks (25) and
(26), compensating for the somewhat different indices in (23) which refer
to roots which are not necessarily distinct. I

The geometric meaning of a normal operator can be deduced from this
theorem. First we observe that the operator with matrix

G T

—1cs

in the basisfl,fl can be interpreted as a rotation accompanied by an expansion
in the plane of the vectors fl, fl. In fact, we need only note that

G T

6 1 _i \/02 +12 \/62 +12 cosoc sinoc
= (/62 _|_ T2 = M _ ,

-1 6 1 G —-sin oz cos oz

—\/62+12 \/62+12
ii 6 . 1M=\/¢;*+-r2, COSoc=€, s111ot=?,

\/6 +1 \/0 +1
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cos on sin oz

where the efiect of the matrix

ll —sin oz cos oz

is to rotate every vector in the fl,f2 plane through the angle ex, while M is
clearly the expansion coefficient. Recalling (23), we now see that the total
efiect of the normal operator A is to produce rotations accompanied by
expansions in m mutually orthogonal planes and expansions only (by factors
of 7\,,,+l, . . . , 71,, respectively) in the r — m directions orthogonal to these
planes and to each other.T

9.45. The structure of a real symmetric operator. Let A be a symmetric
operator acting in a real space R", so that A’ = A. Then the extension A
of the operator A into the unitary space C" is self-adjoint, i.e., A* = A. The
eigenvalues kl, . . . , 71,, of a self-adjoint operator are all real (see Sec. 9.34).
Hence there are no blocks of the form (25) in the representation (23), and
all that remain are diagonal elements. This proves the following

THEOREM. Given any symmetric operator A in a real Euclidean space R,,,
there exists an orthonormal basis in R,, consisting of eigenvectors ofA.

Geometrically, a symmetric operator produces expansions (by factors of
kl, . . . , kn, respectively) along each of n orthogonal directions. The num-
bers )\l, . . . ,)\,, are the roots of the characteristic equation (24). Hence
the characteristic equation corresponding to a symmetric matrix A =
||a,-,,|| must have n (not necessarily distinct) real roots and no imaginary roots
at all.

9.46. The structure of a real antisymmetric operator. If A is an anti-
symmetric operator acting in R", so that A’ = —A, then the extension A
of the operator A into the space C" is antiself-adjoint, i.e., A* = —A. The
eigenvalues kl, . . . , A" of an antiself-adjoint operator are all purely imaginary
(see Sec. 9.35). Hence the blocks (25) in the representation (23) take the
special form

0 1, _
(1=1,2,---,m),

—1l 0

while the numbers )\m+1, ).m+2, . . . , A, must all be 0. This proves the following

TThe expansion is actually a contraction if 0 < \/0’ + -:2 < 1 or if 0 < 1,, < 1.
Moreover, expansion by a factor 7., < 0 is actually an expansion accompanied by a
reflection.
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THEOREM. Given any antisymmetric operator A in a real Euclidean space
R,,, there exists an orthonormal basis in R,, in whiclz the matrix ofA takes the
quasi-diagonalform

0 1l

+1l 0

—12 0

0 Till

~1m 0 (27)
0
W

B
Conversely, if the matrix of an operator A is of the form (27) in some

orthonormal basis, then A is antisymmetric (Sec. 8.92b).
Geometrically, an antisymmetric operator produces rotations through

90° followed by expansions (by factors of 1l, . . . ,1m, respectively) in in
mutually orthogonal planes, while mapping into 0 all vectors orthogonal to
these planes.

9.47. The structure of a real isometric operator. If A is an isometric
operator acting in R,,, so that A’ : A11, then the extension A of the operator
A into the space C" is unitary, i.e., A* : A1‘. The eigenvalues ).l, . . . , 7."
of a unitary operator are all of absolute value l (see Sec. 9.36). Hence the
blocks (25) in the representation (23) take the special form

cos ex, sin oi,
,

ll -sin oz, cos ax,

and the numbers ).m+l, . . . , Ar must all be j; l. This proves the following

THEOREM. Given any isometric operator A in a real Euclidean space Rn,
there exists an orthonormal basis in R,, in which the matrix of A takes the
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quasidiagonal form

cos oil sin £11

—sin oil cos oil
cos oi, sin oi,

—sin oi, cos oi,

cos 1,, sin um

—sin im cos at

:51

E

E
Geometrically, an isometric operator A produces a rotation through a

certain angle (with no accompanying expansion) in each of m mutually
orthogonal planes, and acts like the operator E or —E in each of the r—m
directions orthogonal to these planes and to each other. However, we can
combine every pair of such directions with identical expansion coefficients
(both +1 or both —1) into a plane in which the operator A also produces a
rotation (through 0° or 180°). Making all such combinations, we find that
ifn is odd, then some last direction has the coefiicient +1 or —l, while ifn
is even, there may be two ungrouped directions with coefiicients +1 and +1.
The presence of +1 among these remaining coefiicients shows that besides
the indicated rotations there is an additional refiection with respect to some
coordinate plane, for example, the plane orthogonal to the basis vector e,,.
We then have det A = —l, whereas det A : +l ifthere is no such refiection.

PROBLEMS

1. A self-adjoint operator acting in a unitary space C" is said to be nonnegative
(or positive) if all its eigenvalues xl, . . . 1,, are nonnegative (or positive). Show
that the square of every symmetriC operator is nonnegative.

2. Show that given any self-adjoint nonnegative (or positive) operator A, we
can find a unique nonnegative (or positive) operator B, the “square root of the
operator A,” such that B2 = A.
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3. Take the square root of the operator A specified by the matrix

13 14 4

A = 14 24 18

4 18 29

in an orthonormal basis el, el, el,.

4. Let A be an arbitrary linear operator acting in a unitary space C”, and let
A* be its adjoint. Prove that A*A is a nonnegative operator. Prove that A’A
is a positive operator if A is nonsingular.

5. Given that a linear operator A is the product SQ of a self-adjoint operator
S and a unitary operator Q, prove that S2 = AA*.

6. Show that every nonsingular linear operator A can be represented as the
product SQ of a self-adjoint operator and a unitary operator.

7. Prove that the representation of the operator A as a product SQ in Problem
6 is unique.

8. A linear operator V acting in C,, is said to be nonexpanding if |Vx| < [x| for
every x. Prove that every linear operator A can be represented as the product
of a self-adjoint operator and a nonexpanding operator.

9. Show that two self-adjoint operators A and B commute if and only if they
have a common system of n mutually orthogonal eigenvectors.

10. Given a linear operator A acting in the space C,,, find an orthonormal
basis in which the matrix of A has the triangular form

(1) (1) (1)a1 a2 an

12) (2)A = 0 a2 an

0 0 a‘,,'”



chapter I0

QUADRATIC FORMS
IN EUCLIDEAN AND
UNITARY SPACES
l0.I. Basic Theorem on Quadratic Forms in a Euclidean Space

10.11. We begin with the following theorem concerning symmetric
bilinear forms in a Euclidean space:

THEOREM. Every symmetric bilinear form A(x, y) in an n-dimensional
Euclidean space Rn has a canonical basis consisting of orthogonal vectors.

Proof. Consider the linear operator A corresponding to the given sym-
metric bilinear form (see Sec. 8.91). The operator A is also symmetric.
According to the theorem on symmetric operators (Theorem 9.45), the space
R,, has an orthonormal basis consisting of the eigenvectors of the operator
A, and the matrix of A is diagonal in this basis. Since this matrix is also the
matrix of the bilinear form A(x,y), the orthonormal basis just found is a
canonical basis of A(x, y). I

10.12. We now apply this result to the study of quadratic forms. Given
a quadratic form

A(x, x) =2 aikziak (am = at.-1'), (1)
z.k=1

we will regard the numbers El, Z2, . . . , in as the components of a vector x
in an n-dimensional Euclidean space R,,, with a scalar product defined by
the formula

(X. y) =g1€mt.

273
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where y = (nl, hl, . . . , nu). The basis

el= (l,O,...,O),

e2=(0,l,...,0),

e"=(0,0,...,l)

is an orthonormal basis in R", and clearly

_'M=1.“5*’
3

x = Y =Z1fii@t-

Now consider the bilinear form

'¥M=“taA(x» Y) : _ ikgink

corresponding to the quadratic form (1). By Theorem 10.11, this form has
an orthonormal basisfl,f2, . . . ,f,,. If the components of the vectors x and
y are 1l, 12, . . . , 1,, and Bl, 02, . . . , 0", respectively, in this basis, then we
can write the bilinear form A(x, y) as

A(x, Y) : Z 7\tTt0¢
i=1

and the quadratic form A(x, x) as

A(x, x) = ME». (2)
The transformation from the basis el, el, . . . , e,, to the basis fl,f2, . . . ,f,,
is given by

t.=§1q£”e. <i"=1,2.....~>,
where Q : ||q§"’|| is an orthogonal matrix (Sec. 8.93). According to the
formulas (36), p. 240, the relation between the components 1l, 12, . . . , 1,,
and El, Z2, . . . , 5,, is given by the system of equations

n

E; = Z q‘,-"11 (j =1. 2, - - - , '1), (3)
=1».

involving the transposed matrix Q’. Thus we have proved the following
important

THEOREM. Every quadratic form (1) in an n-dimensional Euclidean space
R" can be reduced to the canonical form (2) by making an isometric coor-
dinate transformation (3).
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10.13. The sequence of operations which must be performed in order to
construct the coordinate transformation (3) and the canonical form (2) of
the quadratic form (1) can be deduced from the results of Secs. 4.94 and
9.45. We now give this sequence of operations in final form:

a) Use the quadratic form (1) to construct the symmetric matrix A = ||a,,,||.
b) Form the characteristic polynomial A(7\) : det (A ~ 7.E) and find its

roots. By Sec. 9.45, this polynomial has n (not necessarily distinct) real
roots.

c) From a knowledge of the roots of the polynomial A01), we can already
write the quadratic form (1) in canonical form (2); in particular,,we can
determine its positive and negative indices of inertia.

d) Substitute the root kl into the system (28), p. I10. For the given root
kl, the system must have a number of linearly independent solutions equal
to the multiplicity of the root kl. Find these linearly independent solutions
by using the rules for solving homogeneous systems of linear equations.

e) If the multiplicity of the root kl is greater than unity, orthogonalize
the resulting linearly independent solutions by using the method of Sec. 8.61.

f) Carrying out the indicated operations for every root, we finally obtain
a system of n orthogonal vectors. We then normalize them by dividing each
vector by its length. The resulting vectors

fl :(q1ns 1111’, - - - 9 (firm):

f2 Z (q12)9 11;”, ~ ~ ~ 1 1122,)»

f. = (q1"’. 111"’. - - - . 112"’)
form an orthonormal system.

g) Using the numbers ql”, we can write the coordinate transformation (3).
h) To express the new components 1l, 12, . . . ,1" in terms of the old

components El, E2, . . . , E,,, we write

T;":2qi'j)€t' (.1-:‘192s'--an)»
/‘=1

recalling that the inverse of the orthogonal matrix Q is the transposed matrix Q’.

10.14. In Sec. 7.33a we saw that neither the canonical form nor the
canonical basis of a quadratic form is uniquely defined in an afiine space;
in general, any preassigned vector can be included in the canonical basis
of the quadratic form. The situation is quite dilferent in a Euclidean space,
provided that only orthonormal bases are considered. The point is that the
matrix of the quadratic form and the matrix of the corresponding symmetric
linear operator transform in the same way, as already noted in Sec. 8.91.
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Thus a canonical basis for the quadratic form is at the same time a basis
consisting of the eigenvectors of the symmetric operator, and the co-
efficients of the quadratic form relative to the canonical basis (the “canonical
coefficients”) coincide with the eigenvalues of the operator. But the eigen-
values of the operator A are the roots of the equation det (A —— XE) = 0, an
equation which does not depend on the choice of a basis and is an invariant
of the operator A. Hence the set of canonical coeflicients of the form (Ax, x)
is uniquely defined. As for the canonical basis of the quadratic form (Ax, x),
it is defined with the same arbitrariness as in the definition of a complete
orthonormal system of eigenvectors of the operator A, i.e., apart from
permutations of the eigenvectors, we can multiply any of them by -1, or
more generally, we can subject them to any isometric transformation in the
characteristic subspace corresponding to a fixed eigenvalue 7..

l0.2. Extremal Properties of a Quadratic -Form

10.21. Next, given a quadratic form A(x, x) in a Euclidean space R,,,
we examine the values of A(x, x) on the unit sphere (x, x) = 1 of the space
R,,, and inquire at what points of the unit sphere the values of A(x, x) are
stationary. It will be recalled that by definition a difi‘erentiable numerical
function f(x), defined at the points of a surface U, takes a stationary value
at the point xl, e U if the derivative of the function f(x) along any direction
on the surface U vanishes at the point xl,. In particular, the function f(x) is
stationary at the points where it has a maximum or a minimum.

The problem of determining the stationary values of a quadratic form
on the unit sphere is a problem involving conditional extrema. One method
of solving the problem is to use Lagrange’s method,T as follows: We con-
struct an orthonormal basis in the space R,, and denote the components of
the vector x in this basis by El, E2, . . . , E,,. In this coordinate system, our
quadratic form becomes

'1M= H§
A(x, X) = 'k€iE.l-s

and the condition (x, x) = l becomes

'ie=1.
i=1

Using Lagrange’s method, we construct the function

7. 1-"M= H§
$1 T

E 2
F(€1»E2» - - - 9 an) : :iZ.1,-'_ A

’r See e.g., R. Courant, Differential and Integral Calculus, Vol. ll (translated by E. J.
McShane), lnterscience Publishers, lnc., New York (1956), p. 190.
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and equate to zero its partial derivatives with respect to E, (i = l, 2, . . . , n),
recalling that a,-k = al,,-:

z§a,,,z,,_z1z,=o (i=1,2,...,n).
7:=1

After dividing by 2, we obtain the familiar system

(a11 _ 7\)€1 ‘l‘ a12€2 -l" ' ' ' + anti" = 0,

a21€1 + (1122 — 7\)E.2 -l‘ ‘ " -l‘ again = 0,

a1i1€1 + a1-1252 + ' ' ' + (amt '_ )‘)€n = 0

(cf. p. 110), which serves to define the eigenvectors of the symmetric operator
corresponding to the quadratic form A(x, x). It follows that the quadratic
fvrm A(x, x) takes stationary values at those vectors of the unit sphere which
are eigenvectors of the symmetric operator A corresponding to the form
A(x, x),

10.22. We now calculate the values which the form takes at its stationary
points. To do this, we introduce the corresponding symmetric operator A
and write the quadratic form as

A(x, x) = (Ax, x).

Suppose that A(x, x) takes a stationary value at the vector e,. Since we have
just shown that e, is an eigenvector of the operator A, i.e., Ae, = ).,e,, we
have

A(ei~ ea) : (Aer: ea) = 7\r(eo er) = 7%-

Hence the stationary value of the form A(x, x) at x = e,- equals the corre-
sponding eigenvalue of the operator A. Since the eigenvalues of the operator
A are the same as the canonical coefficients of the form A(x, x), we can
conclude that the stationary values of the form A(x, x) coincide with its
Canonical coefficients. In particular, the maximum of the form A(x, x) on
the unit sphere is equal to its largest canonical coefficient, and the minimum
Of A(x, x) on the unit sphere is equal to its smallest canonical coefficient.

10.23. Quadratic forms and bilinear forms can both be considered not
only on the whole n-dimensional space R,,, but also on a k-dimensional
subspace Rk C R", and we can then look for an orthonormal canonical basis
in R1. Let the quadratic form A(x, x) have the canonical form

A(x, X) = Mil + MEZ + ' ' ' + ME: (4)
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in the whole space R,,, and the canonical form

A(x» xi : l*1Ti ‘l‘ P-2T; ‘l‘ ' ' ' + l*kTi~
in the subspace Rk. We now find the relation between the coefficients
ul, ul, . . . , ul, and the coefficients kl, 7.2, . . . , 7.". For convenience, we
assume that the canonical coefiicients are arranged in decreasing order, i.e.,
that

7*1>7\2>"'>7\n» l‘L1>l‘L2>"'>l‘Lk-

As we know, the quantity kl is the maximum value of the quadratic form
A(x, x) on the unit sphere of the space R"; similarly, it, is the maximum
value of A(x, x) on the unit sphere of the subspace Rk. This implies that
p.l < kl. Moreover, we also have pLl > ).,,_,,,l. To see this, let el, el, . . . , e,,
be the canonical basis in which A(x, x) takes the form (4). Consider the
(n - k + 1)-dimensional subspace R’ spanned by the vectors el, el,. . . ,
e,,_,,+l. Since k + (n — k + 1) > n, then, by Corollary 2.47c, the subspaces
R’ and Rk have at least one nonzero vector in common. Let this vector be

x0 = (&l°’. . . . . 51°11... 0. . . . .0).
and assume that xl, is normalized, i.e., that |x0| = l. According to (4), we
have

A(-E0, xo) = l1(€l°’)2 ‘l" ' ' ' ‘l‘ )‘n—lr+1(€lt0lk+1)2

-> )‘n—k+1(£lm)2 + ' ' ' + )‘rt—k+1(€:'t‘Bk+1)2 = 7\1t-k+1-

This implies that ul, the maximum value of the quadratic form A(x, x) on the
unit sphere of the subspace Rk, cannot be less than ).,,_,,+l, as asserted. Thus
the quantity til satisfies the inequalities

A1 > l*1 > 7\1t-k+1- (5)

10.24. Naturally, the quantity p.l takes difierent values for difierent
k-dimensional subspaces. We now show that there exist k-dimensional
subspaces for which the equality signs hold in (5). Let_R' be the subspace
spanned by the first k vectors el, el, . . . , el, of the canonical basis of the form
A(x, x). Then A(x, x) is just

A(x» X) = Aizi ‘l‘ A25; ‘l‘ ' ' ' + Altai

in the basis el, el, . . . , el, of R’. In particular,

A(el, el) = kl = max A(x, x).
lrl=_1

Thus the quantity ,ek

:11 = lL1(Rk) = 1113 A(x. X)
‘;”.;,,

takes its maximum value kl for Rl. : R’.
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Next let R” be the subspace spanned by the last k vectors e,,_,,+l,
e,,_,,+2,. . . , e,, of the canonical basis of the form A(x, x). Then A(x, x) isjust

A(x» x) = )‘n—lr+1€:—k+1 + ' ' ' ‘l‘ Aug:
in the basis e,,_,,+l, . . . , e,, of R". In particular,

A(@1t-k+1» e1t—lr+1) = )‘n—k+1 = max A(x, X),
‘.34.?!

and, just as before, we conclude that 11.1 takes its minimum value ).,,_,H_l for
Rk = R". Thus we obtain the following new definition of the coefficient
).,,_,,+l: The coeflicient 7.,,_,,+l in the canonical representation of the quadratic
form A(x, x) equals the smallest value of the maximum of A(x, x) on the unit
spheres ofall possible k-dimensional subspaces of the space R,,.

10.25. Using this result, we can estimate the other canonical coefficients
of the quadratic form A(x, x) on the subspace Rk. For example, if the sub-
space Rk is fixed, then 1.12 is the smallest value of the maximum of A(x, x) on
the unit spheres of all the (k - 1)-dimensional subspaces of R2, while
).,,_,,+2 is the smallest value of the maximum of A(x, x) on the unit spheres
of all the (k + 1)-dimensional subspaces of the whole space R". Hence we
have 1.12 > 7.,,_,,+2, and similarly

l*z > )\7l—'k'l'37 P-4 > 7\1t-k+4i - - - i P-it > )‘n'

On the other hand, 7.2 is the smallest value of the maximum of the quadratic
form A(x, x) on the unit spheres of all the (n + 1)-dimensional subspaces of
the whole space R,,. But, according to Corollary 2.47c, the intersection of
every (n — l)-dimensional subspace with the subspace Rk is a subspace of no
less than (n — l) + k — n = k - l dimensions, so that 7.2 is no less than the
smallest value of the maximum of A(x, x) on the unit spheres of all such
subspaces; in particular, 7.2 is no less than 1.12, the smallest value of the
maximum of A(x, x) on the unit spheres of all the (k - l)-dimensional
subspaces of Rk. Therefore we have 7.2 > 1.12, and similarly 7.3 > 1.13, . . . ,
Al, > ul,. Thus the canonical coefficients ul, 1.12, . . . , 1.1,, satisfy theinequalities

A1 > PL1 > )‘n—k+1s

X2 > PL2 > )‘n+k+2»

7\k>'l1-it? >* =.
For k = n - l, the inequalities (6) become

A1 > l*1 > A2.

A2 > PL2 > A3: (7)

)‘n—1 > l‘Lrt—1 > )‘n'
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*10.26. Consider the behavior of the quadratic form

... _.l\/11 ?’ _;'v<_.noA(x, x) =

in the (n + l)-dimensional subspace R,,_l specified by the equation

<=<.£.+<=<.£.+-~-+<=<.i.=0 (<=<i+<=<§+---+<ti=1). (8)
Assuming that all the coefficients ).l,).2, . . . ,7." are difierent, we can
calculate the coefficients ul, 1.12, . . . , i.t,,_l by using a method due to M. G.
Krein. At least one of the coefficients otl, <12,. . . , at" is nonzero. For
example, suppose at" qé 0. Then (8) implies

rt—1l
an Z _‘ __ Za‘J'El'

ot,, i=1

Substituting this expression for E" into A(x, x), we find that A(x, x) has the
form

n—1 2
v 2 g2 v )‘n

A(x, -Y) Z 7\1€1 + Z222 -l- ' ' ' -l" 7\.t_1Q.i-1 ‘l‘ _2(2°‘t€t)
an i=1

in the subspace R,,_l, in terms of the variables El, E2, . . . , E,,_l. The
canonical coefficients of this quadratic form are the same as its stationary
values on the unit sphere of the subspace R,,_l (Sec. 10.22). In the variables
El, E2, . . . E,,_l this sphere has the equation

1 11-1 2
B(x,x) = if + £2 + -- - + El. + -2(§<..,.£,) =1.

ot,, i=1

Just as before, we determine these stationary values by using Lagrange’s
method. Thus we form the function

n—1 A __ A 11-1 2

A(x. x> - 1B(x.x> = Z10. - ma? + _;"1<=t,z.),
and equate to zero its partial derivatives with respect to El, (k = 1, 2, . . .
n - 1), obtaining

x,, — 7. "1!
€kO‘k T‘ 7‘) + 12i<2.”-iii-i) 11¢ : 0- (9)

an 7:1

The required coefficients ul, 5.12, . . . , i.t,,_l are the roots of the equation
obtained by equating to zero the determinant D().) of the system of linear
equations (9). The coefficient matrix of this system is clearly the sum of two
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matrices; the first matrix is diagonal with the numbers 7% ~ A (k = 1, 2, . . . ,
n —— 1) along the diagonal, while the second matrix has the form

°‘1°‘1 @211 ' ' ' °‘n~1°‘1

)\" -_ )\ oc1oc2 oc2oc2 ' ' ' oc,,_1oc2
2

an . - .

°‘1°‘n-1 °‘2°‘n—1 ' ' ' °'-1»-1%-1

By the linear property of determinants (Sec. 1.44), the determinant D(7\) is
the sum of the determinant of the first matrix and all the determinants
obtained by replacing one or more columns of the determinant of the first
matrix by the corresponding columns of the second matrix and taking account
of the factor (kn — X)/aft. Since any two columns of the second matrix are
proportional, we need only consider the case where one of the columns of the
determinant of the first matrix is replaced by the corresponding column of
the second matrix.

In particular, if the kth column of the first matrix is replaced by the kth
column of the second matrix, the resulting determinant has the form

X1 — A O ' ' ' O ockocl O O

0 X2 —— X - ' O ockoc2 0 0

)\n _ )\ 0 0 7\k_1 — X ockoc‘._1 O 0

<11 0 0 0 <><,_,¢k 0 0
0 0 O oc;5xk.+1 AR-_\‘1 — X 0

0 0 0 oc,cv.,,_1 0 -- )\,,_1 —

2 H (M ~ X)_ oz‘. 1-=1 _
<13 X,‘ — X

’I'3 "Iv-1/\>’ >.-

Denote the determinant of the first matrix by

and let

Go) = 0% — A).
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Then the required determinant D(75) becomes

l "*1 <11?
D(75) = F(75) + T, G(~75) Z ———-— , (10)

oz’, 1.»=1 751. - 75

Solving the equation D(75) = 0, we find the quantities 5&1, 5&2, . . . , 5&,,_1 in
which we are interested. Note that these quantities depend on the squares of
the numbers oak rather than on the numbers oak themselves. Thus changing
the sign of one or more coefiicients in (8) does not change the canonical
coefiicients of the form A(x, x) in the subspace R,,_1.

*10.27. Equation (10) is of particular interest in that it allows us to
construct from given numbers 5&1, 5&2, . . . , 5&,,_1 satisfying the inequalities (7)
a subspace R,,_1 in which the form A(x, x) has the canonical coeflicients
5&1, 5&2, . . . , 5&,,_1. (Again it is assumed that the numbers 751, 752, . . . , 75,, are
distinct.) We now show how this is done.

First we note that (l0) can be written in the form

~ n—1 2 n 2(X: D(/5) = ‘X2 F05) + Z oak : Z oak I (11)

G(75) GO.) 1¢=1 751. —— 75 l'=1 751. —— 75
Thus the numbers oti, mg, . . . , aft are proportional to the coefiicients obtained
when we expand the rational function D(75)/G(75) in partial fractions. Now
suppose we are given numbers 5&1, 5&2, . . . , 5&,,_1 satisfying the inequalities

751 > 5&1 > 752,

752 > 5&2 > 753, (12)

)‘n—1 > p'rt—1 > )‘n'
Let

n~1

vw—Hw—n1 _
lr=-1

and expand the rational function D1(75)/G(75) in partial fractions

&@:iL+iL+m+;L_ M,
G(75) 751—75 x2~x x,,~x

The coefficients c1, c2, . . . , c,, are given by the familiar formulaT

c_ Mm __Mm
k rr rr , »

(M “ 7%) ' ‘ ' (7%-1 “ 7%l(7%+1 '" 7%) ‘ ' ' (7% “ 7%) G (7%)

1' See e.g., R. A. Silverman, Modern Calculus and Analytic Geometry, The Macmillan
Co., New York (1969), p. 861.
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and all have the same sign. To see this, we note that the numbers D1(751),
D1(752), . . . , D1(75,,) alternate in sign, since, by hypothesis, the roots of the
polynomial D1(75) altemate with the roots of the polynomial G(75). Thus the
numbers D1(75k)/G'(75k), and hence the coefiicients ck (k = l, . . . , n), all have
the same sign. By supplying an extra factor, we can assume that the ck are
all positive and add up to 1. We can then define the numbers a1, a2, . . . , an
by the formulas 1

1% Z C19 (X; Z C21 ~ - - 9 aft Z cna

where each oak can have either sign.
Finally we show that the subspace R,,_1 defined by the equation

°l1£1‘l“°l2€g‘l“""l“°@,,€,,:0

is the required subspace, in which the quadratic form A(x, x) has the canonical
coefficients 5&1, 5&2, . . . , 5&,,_~1. In fact, as proved above, the polynomial
D(75) whose roots are the canonical coefiicients of A(x, x) in the subspace
R,,_1 is given by formula (10) or the equivalent formula (ll). Comparing (1 1)
with (13) and using (l4), we find that the polynomial D(75) difiers only by a
numerical factor from the polynomial D1(75) just constructed. But then the
roots of D(75) coincide with the numbers 5&1, 5&2, . . . , 5&,,_1, as required.

Remark. It can be shown that the numbers a1, . . . , oz” depend continuously
on the numbers 751, . . . , 75,,, 5&1, . .. , 5&,,_1. Using this fact, we can verify
that the problem can still be solved if the numbers 5&1, . . . , 5&,,_1 satisfy the
inequalities (7) instead of (12) or if the numbers 751, . . . , 75,, are no longer
distinct.

l0.3. Simultaneous Reduction of Two Quadratic Forms

10.31. The following question plays an important role in certain problems
of mathematics and physics: Given two quadratic forms A(x, x) and B(x, x)
defined in an n-dimensional afline space R,,, how does one find a basis in which
both A(x, x) and B(x, x) are reduced to canonicalform (i.e., to sums of squares
of the components of x with certain coefiicients)? The following example in
the plane (n = 2) shows that this problem does not always have a solution:

Consider the two forms

A(x,x) = ii — ii,
B(x, -Y) = 5552-

Finding a common canonical basis for these two forms is the same as finding
a common pair of conjugate vectors for the hyperbolas A(x, x) = l and
B(x, x) = 1 (see Sec. 7.42). Since these are equilateral hyperbolas, we know
from analytic geometry that the conjugate directions of the hyperbolas are
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symmetric with respect to their asymptotes. Therefore the polar angles <91
and <92 corresponding to the pair of conjugate directions satisfy the relation

<P1‘l‘<P2=%
for the first hyperbola and the relation

‘P1 + 492 : 0

for the second hyperbola (both relations hold only to within an integral
multiple of TC). Since the two relations are mutually exclusive, there does not
exist a common pair of conjugate vectors in this case.

It turns out that the problem of simultaneous reduction of two quadratic
forms does have a solution if we make the supplementary assumption that
one of the forms, say B(x, x), is positive definite, i.e., that B(x, x) > 0 for
x qé 0. In this case, the existence of a solution is easily proved as follows:
Let B(x, y) be the symmetric bilinear form corresponding to the quadratic
form B(x,x), and introduce a Euclidean metric in the afiine space R,, by
writing

(X, y) = B(x,y)-
The fact that B(x, y) is symmetric and positive definite guarantees that (x, y)
satisfies the axioms for a scalar product. By Sec. 10.11 there exists an ortho-
normal basis (with respect to this metric) in which A(x, x) takes the canonical
form

A(x, K) = Mii + ME? + - - - + M51, (15)
where Z1, Z2, . . . , 2,, denote the components of the vector x in the basisjust
found. In the same basis, the second quadratic form B(x, x) becomes

B(x.x> =(x.x> =ni+n§ + - - - +ni.
by formula (17), p. 222. Hence, as asserted, there exists a basis in which
both A(x, x) and B(x, x) have canonical form.

10.32. To construct the components of the vectors e1, . . . , e,, of the basis
which is simultaneously canonical for both quadratic forms, we use the
extremal properties of quadratic forms. As shown in Sec. 10.21, the vectors
e1, . . . , e,, of the required basis are the vectors obeying the condition

(x, x) = B(x, x) = l

for which the form A(x, x) takes stationary values. Suppose A(x, x) and
B(x, x) are given by

'-'M='l'M=..,,,

5'-‘A(x: x) :1 giika

B(x, x) : bmgiik
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in the original basis. Using Lagrange’s method, we form the function

.. em:
3

F(€1, £2, - - - , E") = ailcgdzk "' 11- g bikitik,
1‘ >1>-

and then equate to zero its partial derivatives with respect to all the E,~:

n wt

Zane, - 51.2171-;¢€k =0 (i = 1, 2, . . . , n). (16)
k=1 Ic=1

The resulting system of homogeneous equations

(an *" l*b11)€1 ‘l‘ (a12 ““ l*b12)€z + ‘ ‘ ‘ ‘l‘ (ant _ l‘l'b1n)€n : 0’

(a21 "‘ P~b21)€1 + (1122 — l"'b22)€2 -l- ‘ ‘ ‘ -l- (1121. — p'b2n)€n = 0, (17)

(anl — l‘l'bn1)€1 + (an2 — l‘l'bn2)€2 + ' ' ' + (arm '_ l‘l'bnn)€n : 0

has a nontrivial solution if and only if its determinant vanishes:

an _ P1711 a12 ”" P1712 ‘ ' ' ant “‘ P171"

(121 ”" P-I721 a22 _ P1722 - - - 1121» _ P172" : 0 (18)

anl _ l‘l'bn1 an2 —_ l‘l'bn2 ‘ ' ' amt '_ “bun

Solving (18), we find n solutions 5& = 5&k (k = 1, 2, . . . , n). Then substituting
5&k into the system (17), we find the components Z1"), Kg”, . . , Eff” of the
corresponding basis vector ek. The results of Sec. 10.31 guarantee that (18)
has n real roots and that every root of multiplicity r corresponds to r linearly
independent solutions of the system (17).

10.33. Tuming to the calculation of the canonical coefiicients, we now
show that the coefficients 751, 752, . . . , 75,, in the canonical representation (15)
of the form A(x, x) coincide with the corresponding roots 5&1, 5&2, . . . , 5&,,
of the determinant (18). We could use an argument like that given in Sec.
10.22, but we prefer to carry out a direct calculation. Given the root 5&,,,, we
multiply the ith equation of the system (16) by Z?" (the ith component of
the solution corresponding to 5&,,,) for i = l, 2, . . . , n and then add all the
resulting equations, obtaining

A(e,,,, e,,,) = i aik€§’"’€§,'"’ I um i bi-1.€l’"’€l,'"’ I t*mB(@1,., em) = Hm, (19)
i.k=1 i.I5-=1

since B(e,,,,e,,,) I 1. On the other hand, if hi”), hf"), . . . , njffl are the
canonical components of the vector e,,,, then obviously “q§'"l = 0 if i 2% m
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while 'qf,’,"l = l, and hence

A(e... e...) = Z t.(ni'"’)’ I A... (20)
i=1

Comparing (19) and (20), we get 5&,,, I 75,,,, as asserted. This result allows
us to write A(x, x) in canonical form, without calculating the canonical
basis.

10.34. The problem posed in Sec. 10.31 of simultaneously reducing two
quadratic forms A(x, x) and B(x, x) to canonical form, where one of the
forms, say B(x, x), is positive definite, was solved in a rather strong form, i.e.,
we reduced B(x, x) to a sum of squares with coefficients equal to 1. In general,
this is not required, and hence the coefficients of the canonical forms are not
uniquely determined. Nevertheless, as we now show, the ratios of the
corresponding canonical coeflicients are still independent of the means used
to simultaneously reduce A(x, x) and B(x, x) to canonical form.

Suppose that A(x, x) and B(x, x) have been simultaneously reduced to
canonical form in two difierent ways, i.e., suppose that in the variables
E1, Z2, . . . , Z,, we have

7! TL

A(x, X) I Zlhii, B(x, X) I Zlvi-ii,
7= Z:

while in the variables n1, 'q2, . . . , “q,, we have

A(x, x) I 9,-hi, B(x, x) Z 'r,~‘q€.
2=1 'L=1

Since the form B(x, x) is positive definite, the numbers v, and -r, (i I 1, 2,
. . . , n) are all positive. Consider the new coordinate transformation

gt = ii, ‘hi = ‘fit-

Then the forms A(x, x) and B(x, x) become

A(x, x) : B(x, x) = ~2 _< ;M=J\‘

in the variables Z, and

A(x. x) = ifi ii, Bo. x) = E it
i=1 T, =1

in the variables $1,. Let e1, e2, . . . , e,, be the basis corresponding to the
variables Z,, and letf1,fl, . . . ,f,, be the basis corresponding to the variables
$1,». Both these bases are orthonormal in the metric determined by the form
B(x, x). Moreover, according to Sec. 10.14, the set of canonical coefficients
of the quadratic form A(x, x) is uniquely determined. Hence the two sets of
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numbers 751/v1, 752/v2, . . . , 75,,/v,, and p1/T1, p2/T2, . . . , p,,/-r,, must coincide,
except possibly for order, and our assertion is proved.

l0.4. Reduction of the General Equation ofa Quadric Surface

10.41. In this and subsequent sections, we will call the elements of the
n-dimensional linear space R,, points rather than vectors (cf. Sec. 2.17),
which is more in keeping with the geometry of the situation. By a quadric
(or second-degree) surface in R,, is meant the locus of the points x =
(Z1, Z2, . . . , En) E R,, which satisfy an equation of theform

Z aikgigk ‘l‘ 2 2 brat -l‘ 6' = 0 (21)
i'.k=L i=1

OI‘

A(x, x) + 2L(x) —l— c I O,
where

M»o=ia@n
1.1‘:-1

is a quadratic form in the components of the radius vector of the point x,

uo=§mc
is a linear form, and c is a constantfr

We will assume that the space R,, is Euclidean and that the numbers
E1, E2,. . . , 2,, are the coordinates ofthe point x with respect to an orthonormal
basis. The problem of this section is then to choose a new orthonormal basis
in R,, such that our quadric surface is specified by a particularly simple
equation, called the canonical equation of the surface. Subsequently, we
will use the canonical equation to study the properties of the surface.

10.42. First of all, as in Sec. 10.12, we make an orthogonal coordinate
transformation

e=Zwm» v=t1 so (H)
i=1

in R,,, reducing the quadratic form A(x, x) to the canonical form

A(x, x) I 2,72-n2,~.

1' In the case n - 2, the geometric object defined by (21) is called a second-degree curve.
However, we will henceforth always use the word “surface,” despite the fact that, strictly
speaking, it should be changed to “curve” whenever n = 2.



288 QUADRATIC roams [N EUCLIDEAN AND UNITARY SPACES CHAP. 10

Substituting (22) into (21), we get

Z Mi -l" 2 Z lmt + C I 0, (33)
i=1 i=1

where the I, (i = 1, 2, . . . ,n) are the new coefiicients of the linear form
L(x).

If 75, ¢ 0 for some i in (23), we can eliminate the corresponding linear
term by appropriately shifting the origin of coordinates. For example, if
751 96 0, we have I 2 I2

7\1‘0i ‘l‘ 21101 : 7\1('01 ‘l‘ ”" xi -

We then set I 1 1
. I = + _1 ’41 ‘fit X1

which is equivalent to shifting the origin to the point

(IlI,O,O,...,O).
7\1

As a result of this substitution, the pair of terms 751nf + 2l1'q1 is changed to

, k. 2 L:
1 1 s

i.e., the quadratic term has the same coefiicient as before, the linear term
disappears, and lf/75f is subtracted from the constant term. After making
all such transformations, the equation of the surface becomes

xlnf + A20: + ' - - + Ann: + 2lr+1nr+1 + - - ' + Zlrmn + C I

Here, for simplicity, we have dropped the primes on the variables *q:., and
we have renumbered the variables in such a way that the variables appearing
in the quadratic form come first, i.e., 751, 752, . . . , 75, are nonzero and 75,, I 0
for k > r. Ifr : n or if the numbers l,+1, l,+2, . . . , l,, all turn out to be zero,
we obtain the equation

mi + mi + --- + mi + c I 0, (24)
called the canonical equation of a central surface. A quadric surface is
said to be nondegenerate if all n variables appear in its canonical equation,
and degenerate if less than n variables appear in its canonical equation. A
nondegenerate central surface, with canonical equation

mi+m§+---+mi+c=0 (25)
(i.e., such that r = n), is said to be aproper central surface if c qé 0 and a
conical surface if c : 0. The meaning of this terminology will be apparent
later.
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Now suppose at least one of the numbers l,+1, l,+2, _ _ _ ,1” is nonzero,
and carry out a new orthogonal coordinate transformation by using the
formulas

T1 I '01,

T2 I '02,

T. I m. (26)
1

TH-1 I “T _];(lr+1nr+1 + I ' - + Irma)»

where M is a positive factor guaranteeing the orthogonality of the trans-
formation matrix. Since the sum of the squares of the elements of every row
of an orthogonal matrix must equal l, we have

M2:l:+1+l:+2+"'+l€t-
The remaining rows (i.e., rows r + 2, r + 3, . . . ,n) can be arbitrary,
provided only that the resulting matrix is orthogonal (see Sec. 8.95). As a
result of the transformation (26), the equation of the surface takes the form

A1¢f + - - - + mi = 2M¢,,1 — c.
If c ¢ 0, another shift of the origin given by the formula

, c
T = T —— —— ,r+1 7+1

O1‘

2M¢;+1 = 2M¢,+1 ~ C,
allows us to eliminate the constant term. Then, dropping the prime on -r,'+,,
we obtain the equation

A1121 ‘l‘ ' ' ' ‘l‘ 7‘??? : 2MTr+1» (27)
called the canonical equation of a noncentral surface.

l0.5. Geometric Properties of a Quadric Surface
10.51. The center of a surface. By a center of a surface is meant a point

X0 I(E‘L E3, - - - .59.)
with the following property: If the point

(€g_l_€1s€g_l_€2>~'-s€‘3;_l_En)
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lies on the surface, then the point

€21- - in),

which is symmetric with respect to xo, also lies on the surface. A surface
with the canonical equation (24) has at least one center, since every point
for which

mImI~=m=0 0%
is obviously a center. This explains why such surfaces are called central
surfaces.

We now show that a surface with the canonical equation (24) has no
centers other than the point (28), a fact that will be used later. To see this,
let (if, Z3, . . . , Z2) be a center of the surface. Then the relation

ME? + am + MEL’ + at + - - - + ME? + if + c = 0
implies

mi? — £92 + >~2(€2 ~ £2)’ + - -- + ME? ~ €,)’ + c = 0.
Subtracting the first equation from the first, we obtain the equation

M3155 + Azigiz ‘l‘ ' ' ' + NEE, : 0, (29)

satisfied for arbitrary Z1, Z2, . . . , 2,, corresponding to points on the surface
(24). lf the point (Z? + Z1, Z2 + Z2, . . . , Z‘), + Zn) lies on the surface (24),
then so does the point (IE? I Z1, Z3 + Z2, . .. , Z3 + En). But

Ii? I E1 I ii + (I23 I E17,
and hence we have

'_ £1) + 7‘2ag€2 + ' ' ' + xrigir I 0’

as well as (29). Subtracting (29') from (29), we get

ZM€‘i(€5 + ii) I 0,
which implies Z1 = —-if if Z‘; ¢ 0. But since Z1 can be replaced by IE1,
we also have IE1 = Iif. This, together with Z1 = IE1‘, contradicts the
assumption that Z‘; ¢ 0, thereby proving that Z1: 0. Similarly, we find
that

___ _T_ oi

as required.

10.52. Proper central surfaces. Consider a proper central surface, i.e.,
a surface with canonical equation (25), where c ¢ 0. Dividing by c. we
transform (25) into the form

2 2 2

i@i%i~i¥=L
a1 a2 a;,
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where the numbers a, are defined by

afi=+Jfi u=1J,H,m,

and are called the semiaxes of the surface. Renumbering the coordinates in
such a way that the positive terms appear first, we get

2 2 2 ~ 2 2

%+%+~+%~%fl-~_%=r (m
a1 a2 ak ak,,1 a,,

It is natural to exclude the case k = 0 from consideration, since there are no
real values -q1, 'q2, . . . , 'q,, satisfying (30) if k = 0. (In this case, one some-
times says that (30) defines an “imaginary” surface.) This leaves n difierent
types of proper central surfaces, corresponding to the values k : 1, 2, . . . , n.

a. In the two-dimensional case (n = 2), we have k = l, k : 2, and
equation (30) leads to the two curves

_ fi ¢_(k — 1) 2 I —_, -_ 1 (a hyperbola),
a1 a2

2 2

(k = 2) 3%, + 3% : 1 (an ellipse),
ai 45

familiar from analytic geometry.

b. Forn = 3 we have k = 1,k = 2, k = 3, and the corresponding proper
central surfaces in three-dimensional space are given by the equations

2 _ 2 2Wzn m_@_m: 1,
ai a2 a§

2 2 2

u=m %+%~%=naf a2 a2
_ 2 2 2

w=m %+%+@=i
"i "5 "5

We now remind the reader of the construction of each of these three surfaces.
Consider the sections of each of the surfaces made by the horizontal

planes ~q2 : Ca2 (I oo < C < 00). These sections are respectively hyperbolas

2 2

¢=n Q-%=1+d
at a§
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with the '/51-axis as transverse axis, ellipses
2 2

(/<=2) 1;+3§=1+c*
a1 a2

defined for all values of C, and ellipses
2 2

(/<=3) “~”—;+1§=1-c2
a1 "2

defined only for |C| < l. To locate the vertices of these sections, we
construct the sections of each surface made by the coordinate planes “n1 = 0,
“n2 = 0. In the case k = l, only the coordinate plane “n2 = 0 gives a real
section, i.e., the hyperbola

Iii _ 13 = 1
d d

The vertices of the hyperbola formed by the horizontal sections lie on this
curve, and as a result of the construction we obtain the surface shown in
Figure 2, called a hyperboloid of two sheets.

5.1 5 if

FIGURE 2

In the case k : 2, the sections made by both planes “n1 = 0 and “n2 = 0
are hyperbolas

d d j fi_"2 I I =1’ 2 I 2 I 1
a2 aa a1 aa

with the “n2-axis as transverse axis. The set of ellipses formed by the horizontal
sections have vertices lying on these hyperbolas, and form the surface shown
in Figure 3, called a hyperboloid of one sheet. Finally, in the case k : 3, the
sections made by the coordinate planes “n1 : 0, “n2 == 0 are ellipses. Drawing
the ellipses made by the horizontal sections, we obtain an ellipsoid (see
Figure 4).
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ll:

;:§1fi:i;.ll2'€"5-
_-.,_.,_.,_,_____ .,,_|._._,_.,,.,...

FIGURE 3

c. Quadric surfaces in spaces of more than three dimensions are not
easily visualized. Nevertheless, even in the multidimensional case, we can
show essential difierences between the types of proper central surfaces
corresponding to the difierent values k = l, 2, . . . , n. We begin by pointing
out difierences which are geometrically obvious in three dimensions. On
the hyperboloid of two sheets (k = 1), there exists a pair of points which
cannot be made to coincide by a continuous displacement of the points
along the surface; to obtain such a pair of points, we need only take the
first point on one sheet and the second point on the other sheet. On the
hyperboloid of one sheet (k = 2), any two points can be made to coincide
by means of a continuous displacement along the surface; however, there
exists a closed curve, e.g., a curve going around the “throat” of the hyper-
boloid, which cannot be continuously deformed into a point. On the ellipsoid,
(k = 3), any closed curve can be deformed into a point. These facts can

773

\inB!§;(§$§ N\l
6'?-€A \\:_::.!//'

FIGURE 4
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serve as the starting point for classifying the geometric difi‘erences between
proper central surfaces in an n-dimensional space, as we now show.

We introduce the following definitions: A geometric figure A is said to
be homeomorphic to a figure B if there exists a one-to-one, bicontinuousT
mapping of the points of the figure A into the points of the figure B. A
figure A lying on a surface S is said to be homotopic to a figure B lying on
the same surface if the figure A can be mapped into the figure B by means
of a continuous deformation, during which the figure A always remains on
the surface S.

Using these definitions, we can formulate the geometric difierences
between the proper central surfaces corresponding to difierent values of k
as follows: For k = 1 we can find a pair of points on the surface which are
not homotopic to each other. For k = 2 every point on the surface is
homotopic to every other point, but there exists a curve which is homeo-
morphic to a circle and not homotopic to a point. For k = 3 every curve
which is homeomorphic to a circle is homotopic to a point, but there exists a
part of the surface which is homeomorphic to a sphere (in three-dimensional
space) and not homotopic to a point. Continuing in this way, we can formulate
the following distinguishing property of the proper central surface cor-
responding to a given value of k: Every part of the surface which is homeo-
morphic to a sphere in (k — l)-dimensional space is homotopic to a point,
but there exists a part of the surface which is homeomorphic to a sphere in
k-dimensional space and not homotopic to a point. In particular, this
implies that the proper central surfaces in n-dimensional space (which are
obviously homeomorphic to each other for equal values of k) are not
homeomorphic to each other for distinct values of k. The proof of these
facts will not be given here, and can be found in a course on elementary
topology.

10.53. Conical surfaces. Next we consider a conical surface, i.e., a
surface with canonical equation (25), where c = 0. In this case, equation
(25) becomes homogeneous, i.e., if the point (n1, “n2, . . . , 'q,,) satisfies (25),
then so does the point (t“q1,t'q2,. . . , t'q,,) for any t. This means that the
surface is made up of straight lines going through the origin of coordinates.I
Just as before, we can write the canonical equation of a conical surface in
the form

2 2 2 2

35+---+1;‘—'ZI‘ —%"=°- <31)
a1 at an-1 an

1' Equivalently, continuous in both directions, i.e., continuous with a continuous
inverse.

1 Except when all the terms in (25) have the same sign, in which case (25) defines a
single point, namely the origin.
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We now find the number of difierent types of conical surfaces corre-
sponding to a given value of n. If the number of negative terms m n -— k
in the canonicai equation (31) is greater than n/2, then, multiplying the
equation by — 1 , we obtain an equation describing the same surface but which
now has a number of negative terms less than n/2. Therefore it is sufficient
to consider the cases corresponding to the values m < n/2. If m is even,
then, excluding the case of a point (m = 0), we obtain n/2 dilferent types of
conical surfaces, corresponding to the values m 1, 2, . . . , n/2. If n is
odd, there are (n — 1)/2 difierent types of conical surfaces, i.e., those
corresponding to the values m = 1, 2, . . . , (n — 1)/2.

a. In the plane (n = 2), besides a point, there is only one other type of
conical surface (m = 1), with the canonical equation

2 2
W1 W2 _7-GI“a1 a2

The corresponding geometric figure is a pair of intersecting straight lines
with the equations

1:12
111 a2

In three-dimensional space (n = 3), besides a point, there is also only one
other type of conical surface, corresponding to

n—1 3-1
mzizizl‘

2 2

with canonical equation

5
NJU-lb’!

:5
.->acne

NJ_ __m:02 .
§ >- § ml Q av

The corresponding geometric object is a cone. In the particular case where
a1 = a2, this is a right circular cone (see Figure 5).

b. To visualize the form of a conical surface in the general case, we
consider its intersection with the hyperplane

n,, = Ca,, (~00 < C < oo). (32)
Substituting (32) into (31), we get

2 2 2 _ 2g+H.+%_%aLH_%@:g
a1 ak ak_,1 a,,_1

This is the equation of a proper central surface in an (n -— 1)-dimensional
space. The surfaces corresponding to difierent values of C are all similar to
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'5 \\3\-, 5gigg,\\\\
FIGURE 5

each other, with semiaxes proportional to the value of C. Thus every
conical surface in the n-dimensional space R,, can be obtainedfrom a central
surface in the (n — l)-dimensional space R,,_1 by displacing the central surface
along a perpendicular to R,,_1 and at the same time proportionately stretching
the surface in all directions. Moreover, to obtain all possible types of conical
surfaces in this way, we need only use the central surfaces in R,,_1 for which
the number of negative terms in the canonical equation does not exceed
(n — 1)/2.

10.54. Nondegenerate noncentral surfaces (paraboloids). Just as in Sec.
10.52, we can reduce the canonical equation of a nondegenerate noncentral
surface to the form

_ 2 2 2 2

%+~+%-I’ nF=%. ca
a1 an ak+1 an—1

We now find the number of difierent types of nondegenerate noncentral
surfaces. If the number of negative terms in the left-hand side of (33) is
greater than (n — 1)/2, then, multiplying (33) by —l, we obtain the equation
of the same surface, but with a number of negative terms in the left-hand
side which is less than (n — 1)/2 and with a change of sign of the right hand
side. The sign of the right-hand side is restored by the mirror reflection
‘Q; — -'q,,. Thus, if we do not count surfaces obtained from each other by
mirror reflections as being of dilferent types, the number of difierent types
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of nondegenerate noncentral surfaces is equal to the number of integers
satisfying the inequality 0 < m < (n — 1)/2. This number equals n/2 if n
is even and (n + 1)/2 ifn is odd.

a. In the plane (n = 2) there is only one nondegenerate noncentral curve,
i.e., the parabola with canonical equation

ni I Zaim. (m I 0)-i
b. In three dimensions there are two nondegenerate noncentral surfaces

,,:3'i1:3;r1:2
’ 2 2 "

2 2

%+%=m. w=ma1 a2
2 2

%—%=m. m=ua1 a2

In the first case (m -= 0), the sections of the surface made by the plane
‘Q3 = C > 0 is an ellipse. To find the position of the vertices of this ellipse,
we construct the sections of the surface made by the coordinate planes
n1 = 0 and “n2 = 0. Each of these sections is a parabola, and the inter-
sections of these parabolas with the plane n2 = C locate the vertices of the
ellipse. The resulting surface, shown in Figure 6, is called an elliptic parabo-
loid (a circular paraboloid in the special case where a1 = a2).

In the second case (m = 1), the section of the surface made by the plane
“qa = C > 0 is a hyperbola with the 'q1—axis as its transverse axis. To find

ll:

” Illlo"“ -//////////////~

_ |.: ;._-;_-,,..~.-:'-:-.- ti‘ —
-';A;r;;_ ' I1-"_-'--'_~.2:_-j-;;'.;.-*.'1""

‘s

FIGURE 6

1' Notethatnowm=n-—1—k.
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0’

FIGURE 7

the position of the vertices, we note that the section of the surface made by
the coordinate plane “n2 = 0 is the parabola

Bi :: zaiylib

whose intersection with the plane “qk = C gives the position of the vertices
of the hyperbola. The section made by the plane “n2 = C < 0 is a hyperbola
with the n2-axis as its transverse axis. The vertices of this hyperbola lie on
the parabola

fig = '_2a€7l:;
in the plane n1 = 0. The section made by the plane -qa = 0 is a pair of
straight lines, which serve as asymptotes for the projections on the plane
“n2 = 0 of all the hyperbolas lying in horizontal sections of the surface. The
surface itself is called a hyperbolic paraboloid (see Figure 7).

c. To visualize the form of the surface (33) in the general case, we
investigate the way the sections made by the hyperplanes 'q,, = C change when
C varies from 0 to + oo. Every such section is a central surface in n — 1
dimensions. All these surfaces are similar to each other, and their semiaxes
(unlike the case of conical surfaces) vary according to a parabolic law, i.e.,
are proportional to the square root of C. For C = 0 the central surface
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becomes conical. For C < 0 the central surface goes into the conjugate
surface, i.e., the positive and negative terms in the canonical equation
exchange their roles. ln the special case where the terms of (33) have the
same sign, which, to be explicit, we take to be positive, the surface exists
only in the half-space n,, > 0.

d. The reason for calling this class of nondegenerate surfaces noncentral
is that such surfaces actually have no centers. For n = 3 this is obvious
from Figures 6 and 7. To prove the assertion in the general case, assume the
contrary, i.e., suppose that the surface (33) has a center (hf, ng, . . . , nfl).
Since, in particular, this center must be a center of symmetry for the section
'q,, = 'q‘j,, which represents a nondegenerate central surface in n — 1
dimensions, we must have

n‘lIn2— —fl‘2._5I0
(cf. Sec 10.51). Thus the center must lie on the 'q,,-axis. Now if we go from
an arbitrary point (n1, . . . , 'q,,_1, hf, + S) lying on the surface to the sym-
metric point (—'q1, . . . , —*q,,_1, hf, — S), equation (33) must still be satisfied.
But the left-hand side of (33) remains the same when we make this transition,
and hence its right-hand side cannot change. It follows that S = 0, and hence
that there are no points on the surface for which 'q,, ¢ nfl. But (33) obviously
has solutions “n1, “n2, . . . , 'q,, with ‘q,, ¢ ‘Q2. This contradiction shows that
our surface cannot have a center.

10.55. Degenerate surfaces. As in Sec. 10.42, by a degenerate surface
we mean a surface whose canonical equation contains less than n coordinates.
For example, suppose that the coordinate 'q,, is absent in the canonical
equation. Then all the sections ofthe surface made by the (n — 1)-dimensional
hyperplanes “q,, = C (—00 < C< 00) give the same surface in n —1
dimensions. Therefore every degenerate surface in the n-dimensional space
R,, is generated by translating a quadric surface in the (n — 1)-dimensional
space R,,_1 along a perpendicular to R,,_1.

a. We now find the appropriate curves in the plane (n = 2). In this case,
the canonical equation contains only one coordinate and hence is just

2

if, = c.
"1

For C > 0 we obtain a pair of parallel lines, for C = 0 a pair of coincident
lines, and for C < 0 an “imaginary curve.”

b. To construct degenerate surfaces in three-dimensional space (n = 3),
we must translate all the second-degree curves in the 'q1'q2-plane along the
'/13-21X1S. When this is done, ellipses, hyperbolas and parabolas give elliptic.
hyperbolic and parabolic cylinders, respectively (see Figure 8), while pairs
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ll:

5.1‘-i:l:E:Ei1ié£5é==€5'r -;..-$3; --
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‘

' /4.
FIGURE 8

of intersecting, parallel and coincident lines lead to intersecting, parallel and
coincident planes (see Figure 9).

*l0.6. Analysis of a Quadric Surface from lts General Equation
10.61. We have just described all possible types of quadric surfaces in an

n-dimensional Euclidean space, where the type of the surface was determined
from its canonical equation. However, the surface is often specified by its
general equation (21) rather than by its canonical equation, and it is some-
times important to determine the type of the surface, i.e., construct its

ll ll 1I 7
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canonical equation, without carrying out all the transformations described
in Sec. 10.42. It tums out that to write down the canonical equation of the
surface specified by equation (21), we need only know the following two
quantities:

a) The roots of the polynomial

an “ 7‘ a12 au-
a a -I 75 - - - a1 21 22 27!

anl an‘: ' ' arm 7- )‘

of degree n;
b) The coefficients of the polynomial

an T 7‘ a12 ' an bl

a21 a22 ” A ' ' ' a21| I72
A105) : . . . .

11.1 11.2 ' ' 11.... I 7\ b7!
b1 b2 b,, c

of degree n.

To obtain explicit expressions for the coefficients of A1(75), we use the
linear property of determinants (Sec. 1.44). Every column of the determinant
A1(75), except the last one, can be written as a sum of two columns, the first
consisting of the numbers a,, (i == l, 2, . . . , n;j fixed) and the number b,,
the second consisting of n zeros and the number I75. As a result, the deter-
minant A1(75) can be written as a sum of determinants, each of which is
obtained by replacing certain columns (except the last one) in -the matrix

an a12 ' ' ' am bl

"21 "22 ' ' ' “21. b2
A1 : . . . . . (34)

am anz ' ' ' ann bu

b1 b2 - - - b,, c

by columns consisting of n zeros and the single element -75, with the number
-7. appearing on the principal diagonal of the matrix. After expansion
with respect to the columns containing the number -75, each of these
determinants becomes

('_)‘)kA/Ir|+1~kv
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where k is the number of columns containing the element -75, and M,,+1_k
is a minor of order n + l - k of the matrix A1. This minor is characterized
by the fact that if it uses the ith row (i = l, 2, . . . , n) of A-1., it also uses
the ith column, and moreover, it must use the last row and column of A1.
Minors with this property will be called bordered minors. It is obvious that
every bordered minor of the matrix A1 appears in the expansion of the
determinant A1(75). From this we immediately conclude that the coeflicient
of (-75)" in the expansion of the determinant A1(75) in powers of -75 equals the
sum of all the bordered minors of order n + 1 - k. It is convenient to write
the expansion of A1(75) in the form

A1(75) == ot,,+1 - ot,,75 + ot,,_1752 -l- ot1(-75)",

where the coefficient otk is the sum of all the kth-order bordered minors of
the matrix A1.

10.62. As we already know, the roots of the characteristic polynomial
A(75) give us the coefficients of the squared variables in the canonical equation.
To find the remaining term, which is of degree 0 if the canonical equation
has the form (24) and of degree l if it has the form (27), we must examine
the behavior of the polynomial A1(75) under coordinate transformations.

Thus consider the quadratic form

A1(X, x) = ,%'1a7lk€l-E)’: + 2 z1bt€i€,,+1 + ¢’€:+1 (35)

in the (n + l)-dimensional Euclidean space R,,+1, where Z1, Z2, . . . , K,,, Z,,+1
are the components of the vector x 6 R,,+1 with respect to some orthonomial
basis e1, e2, . . . ,e,,, e,,+1. The operator corresponding to (35) is the sym-
metric operator A1 which has the matrix (34) in the basis e1, e2, . . . , e,,,
e,,+1; we will also denote this matrix by Am. Besides this operator, consider
the operator E1 defined by the relations

E1915 : elc (k < ")1

E1e,,+1 == 0.
This operator has the matrix

100---00
010---00
001---00

E1I (36)

000---10

000---00
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in the same basis e1, e2, . . . , e,,, e,,+1. Let R,, denote the subspace with the
vectors e1, e2, . . . , e,, as a basis. Then the operator E1 is obviously the
identity operator in this subspace.

Now suppose we are given an isometric operator Q in the space R,,
Then Q carries the orthonormal basis e1, e2, . . . ,e,, into another ortho-
normal basis f1, f2, . . . ,f,,. We construct a new isometric operator Q1 in
the space R,,+1 by setting

Q1e,, Ifi. (k < '1),
Q1en+1 : er-+1 :f1-+1’

If the matrix of the operator Q has the form

911 912 ' ' ' 911-

921 922 ' ' ' 921-Q:

91-1 91-2 ' ' ' 91-1-
in the space R,,, then the matrix of the operator Q1 just constructed has form

911 912 "' 9111 0
921 922 ' ' ' 92» 0

Q1 _.: . . . . . .

91-1 91-2 ' ' ' 91-15 0
0 0 - - - 0 l

in the space R,,+1. This matrix corresponds to the following coordinate
transformation (see Sec. 8.94):

£1 : 91101 ‘l‘ 92102 l ' ' ' l 91-1%,

E. I qum + qzmz + - ' - + q..m..,
. . . . . . . . . . . . . . . . . . . . . . . (37)

E... I qimi + qzmi + - ' ' + q....m,
E1-+1 = 01-+1~

In the new basisf1,f2, . . . ,f,,,f,,+1 the operator A has the matrix

Am : QFIAWQ
(see Sec. 5.51), while the operator E1 has the same matrix (36) as before.
Moreover, according to Sec. 5.52,

det (A5,, - 75E1) == det (A5,, - 75E1).
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We now assume that (37) is the transformation (see Sec. 10.42) which
reduces the quadratic form

A(x,x): w £1515‘QM-H§
$5-

to the canonical form
7|

A(x, x) I 75,-hi.
1-I1

It follows from (37) that Q1 transforms the quadratic form (35) in n + 1
variables into

,g17‘I’0I ‘l‘ 2I_§1lmmn+1 ‘l‘ ¢”03|+1- (38)

After this transformation, the matrix of the operator A1, which, as we know,
transforms in the same way as the matrix of the corresponding quadratic
form, becomes

751 0 0 0 0 [1

0 752 0 0 0 [2

QQ...;5,Q...Q],

Am: Q Q Q Q 017+, ’

00...()()...0]"

I1 I2 Ir lr+1 In 9

and the polynomial A1(75) = det (A5,, - 75E1) equals the determinant

7.1 - 75 0 - - - 0 0 - - - 0 l1

0 7.2 - 75 - - - 0 0 - 0 l2

0 0 1,-10 - 0 1,
0 0--0 -1 -0 l1‘+1

O O - - O O -75 l,,

I1 /2 Ir lr+1 In 9

The coefficients of this polynomial can be calculated by using the bordered
minors of the matrix A5,,, just as they were calculated before by using the
bordered minors of the matrix A5,, = A1.
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We note that for r < n all the bordered minors of the matrix A5,, which
are of order higher than r + 2 must vanish, since they contain two pro-
portional columns. Thus for r < n the coefficients ot,+3, ot,+2, . . . , ot,,+1
vanish. Moreover, for r < n the nonvanishing minors of order r + 2 must
use the first r rows and first r columns of the matrix A5,,. In general, the
bordered minors of order r + l need not use these r rows and columns.
However, we note the following two cases where a bordered minor of order
r + 1 must in fact use the first r rows and columns:

1) r == n, in which case it is obvious that the matrix A5,, has only one
minor of order r + l (i.e., of ordern + l), namely its determinant, made up
of all the rows and columns of A5,,;

2) r < n, l,.51 I l,+2 I - - - - l,, I 0, in which case there is only one
nonvanishing bordered minor of order r + l, made up of elements from the
rows and columns with numbers l, 2, . .. , r, n + l.

10.63. Next we show how the next step in the transformation of equation
(38), made with the aim of eliminating the quantities l1, I2, . . . , l,, alfects
the matrix of the operator A1. First consider the transformation

r ll I
W1 2 '01 + T01-+1,

7\1

t]kI1]k (kI2,3,...,n—l—l),

carrying the matrix A5,, into the matrix

X1 0 0 0 0 0

0 ;52 0 0 0 12

0 0 )5, 0 0 [T

Al§lI 0 0 00 0 1,,1

0 0 . . . 0 0 . . . 0 In

22 _ L1
7\1

This operation on A5,, can be described as follows: The first column is
multiplied by l1/751 and subtracted from the last column, and then the first
row is also multiplied by l1/751 and subtracted from the last row. The sub-
sequent transformations required to eliminate the quantities l2, la, . . . , l,

0 [2 If l,__5_1 In
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can be described similarly. As a result of all these transformations, the
matrix A5,, goes into the matrix

. )5, 0 0 0 0 0

0 )52 0 0 0 0

Amfi 0 0 )5, 0 0 0

(/)'_ '0 0 0 Q 0 17+,

0 0 0 0 0 In

Q Q 017+, In cl

Moreover, these transformations do not change the values of the bordered
minors of the matrix A5,, which use the first r rows and columns of A5,,.

Next consider the polynomial

det (A{;’, - 75E1) 3:? A‘{’(A)
11~1 0 - - 0 0 0 0

0 752-75 0 0 0 0

0 0 1,-1 0 0 0
0 0 -- 0 -A---0l,+1

0 0 ' - 0 0 ' - - -75 l,,
0 0 . . . Q [H4 . . . In C

= u',,+1 - 011,75 + ot§,_1752 - - - - + ot1(-75)",
where we have dropped the prime on c’. The coefficients of this polynomial
are calculated by using the bordered minors of the matrix Am in just the
same way as the coefficients of the polynomial A1(75) are calculated by using
the bordered minors of the matrix A5,,. Since the bordered minors of order
r + 2 (where r < n) are invariant under the transformation leading from
A5,, to Am, as shown above, we find that 01,22, I oc,+2. In the same way, we
have 111,1 I 05,21 in the two special cases noted above.

10.64. First we consider the special case r I n. Here the coefficient
112+, of the polynomial A{’l(75) is obviously equal to the product 751752 - - - 75,,c,
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so that the quantity c in the canonical equation (25), p. 288 is just

I

at-+1 °‘n+1cI-IiI—II——.
)51)52 . . . )5" X052 . . . )5“

10.65. Next suppose that r < n. Then we must determine the coefficient
ot,+2 of the polynomial A{”(75), which will be needed in a moment.1' The
nonvanishing bordered minors of A5}: of order r + 2 have the form

I-75175.2’--75,1?" (mIr+1,...,n),

and their sum, which equals the coefficient 111+, I ot,+2, is given by

__)51)52 . . . 7570:“ _5_ [L2 _5_ . . . _5_

We recall that the condition for reducing equation (21) to the canonical form
(27) is that at least one of the coefficients l,.51, l,+2, . . . , l,, be nonvanishing.
We can now formulate this condition equivalently in the form of the
inequality _ I

at‘-1-2 ;é 01

and at the same time give the following formula for calculating the coefiicient
M of the canonical form (27):

M1=,3H+,;+2+...+,f,=___&i__
)51)52...)5,_

However, if 01,11 I 0, then l,+1 I l,+2 = - - - I l,, I 0, and (21) reduces to
the canonical form (24). Thus we have arrived at another special case. In
this case, the coefficient oz;+1 I 11,51 is obviously equal to the product
751752 - - - 75,c, so that the coefficient c of the canonical form (24) is just

°@I+1 = “H-1
751752 - - - 75, 7.1752 ' ' ' 75,

1 It is easily verified that in this case all the coefiicients <x,,, of the polynomial A{"(7.)
with m > r + 2 vanish.
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10.66. We now summarize these results in the form of a table. As before,
we agree to arrange the roots 751, 752, . . . , 75,, of the characteristic polynomial
A(75) in such a way that the nonzero roots 751, 752, . . . , 75, come first, denoting
the product 751752 - - - 7., by A,.

Data Canonical Equation

on75,,;éO 7,1-15%-5\-7,2-y5;+..._5_;\n.,,:+_1_'£i1=()
7|

7.,, I O

x,,_1 I 0

75,,_1 I O
O

7‘n-2 7L 0

°‘1-+1 if 0 0101 + A2102 + '

ot,,_H : O 7511): + 7.21); + -

05,,‘-#0

ot,,I0

X1111 + X2112 + '

Mi + M2 + '

+ 7‘n-1-'l:_1

1' )‘n-171:-1

+ 7‘fl—2"l:-2

+ 791-27151-2

°‘1-+12_i :1/A
afl

A,,_1
afl2 _ I =

\/ A1|~ "F1

<x,,_1 ‘

An-2

71..

O

O

752IO ot3IO
on

7‘1"li+2\/Tiaylzzo
1

x1¢0 02:0 °‘275 2 -I1711+)“ O

l0.7. Hermitian Quadratic Forms

10.71. Many of the theorems of the preceding sections carry over to the
case of quadratic forms in a complex space. We begin with the following
basic

THEOREM. Every symmetric Hermitian bilinear form A(x, y) in an n-
dimensional unitary space C,, has a canonical basis consisting of n orthogonal
vectors.

Proof. According to Sec. 9.34, the linear operator A associated with the
form A(x, y) by the formula A(x, y) I (Ax, y) is self-adjoint. Hence by
Theorem 9.34, there is an orthonormal basis e1, . .. , e,, in the space C,,
consisting of eigenvectors of the operator A. The matrix of the operator A
is diagonal in this basis, and hence so is the matrix of the form A(x, y),
since the operator and the form have the same matrix in any orthonormal
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basis of the space C,,. Therefore e1, . . . , e,, is a canonical basis of the form
A(x. y)- I

10.72. It follows from this theorem that every Symmetric Hm-mitian
quadratic form A(x, x) can be reduced to the canonical form

7|

A(X. X) I Z 7,» ll,-l2
1-1

by a unitary transformation. The sequence of operations leading to deter-
mination of the coefficients 75,- and the components of the vectors of the canon-
ical basis is the same as in the real case (see Sec. 10.13).

10.73. Next we look for the stationary values of a symmetric Hermitian
quadratic form A(x, x) on the unit sphere

file.-1* = 1
III

in C,,, recalling from Sec. 9.l5b that A(x, x) takes only real values. Let
e1, . . . , e,, be an orthonormal basis of the form A(x, x). Then in this basis
we have

A(x, X) = 2% lilz I 2 75,-(6? + T27),.’! .’! 7 7
fI1 J-I1

TL 7|

(X. x) = 2,12.-1* = ,Z1(@? + -1),- -
(Z, I cs, + i-r,). Using Lagrange’s method, we equate to zero the partial
derivatives of the function A(x, x) - 75(x, x) with respect to each of the 2n
real variables 0,, -r, (j I l, . . . , n). This gives

275,o,—275o,IO, 275,1, —275'r,I O l,...,n).

These equations are satisfied for a vector x with |x| I l if and only if 75
coincides with one of the numbers 751, . . . , 7.,,. Suppose 75 I 75k. Then a
solution of the equations is given by the vector x with components Z, I
cs, + i-t,» I 0 forj I k and likl I l. Hence, just as in the real case (Sec.
10.21), the Hermitian quadratic form A(x, x) takes stationary values at those
vectors of the unit sphere which belong to its canonical basis e1, . . . , e,,, in
other words at the eigenvectors of the corrmponding self-adjoint operator A.
The values of the form at these points coincide with the corresponding
canonical coefficients. In particular, the maximum of the form A(x, x) is the
largest of the coefficients 75,, and the minimum of A(x, x) is the smallest of
these coefiicients.

10.74. Next consider the problem of the simultaneous reduction to
canonical form of two symmetric Hermitian quadratic forms A(x, x) and
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B(x, x), one of which, say B(x, x), is positive definite. To solve this problem,
we choose the Hermitian bilinear form B(x, y) as the scalar product. Then,
by Sec. 10.72, there exists an orthonormal canonical basis for the form
A(x, x), in the sense of the given scalar product. In this basis we have

A(x,x) =2» 12.12. Bo. x) = _
Q. -'11’.!\xQ. :1-1

as required.
The calculation of the coefficients 75, and the components of the vectors

of the canonical basis (with respect to an arbitrary original basis) is carried
out in the same way as in the real case (Sec. 10.32), after first writing the
forms A(x,x) and B(x,x) as real functions of the real variables 0,, -r,
(j I 1, . . . , n), where Z, I cs, + i-r,. We leave the details as an exercise
for the reader.

PROBLEMS

1. Use an orthogonal coordinate transformation to transform each of the
following quadratic forms to canonical form:

3) + — 45.152 _ 45253;

b) 2&1 + 5&3 + 5&3 + 4&1&2 — 4&1&, - s&2&,;
c) 2&1 + 2&2 + 2&3 - 4&1&. + 2&1&, + 2&.&2 — 4&,&.;
d) 25152 45‘ 25153 _ 25154 _ 25253 + 25254 + 25354-

2. What are the stationary values of the quadratic form
A(x, x) I xi + ex; + §x§

on the sphere |xl = l, where x = (x1, x2, x3), and of what type are they (mini-
mum, maximum, etc.)’?

3. Show that each of the quantities 5&1, 5&2, . . . , 5&k can actually attain the upper
and lower bounds indicated in formula (6), p. 279.

4. Two quadratic forms A(x, x) and B(x, x) in R,, are said to be comparable if
the inequality A(x, x) < B(x, x) holds for everyx e R,,. Let 751 > 752 > ~ ~ ~ > 75,,
be the canonical coefficients of the form A(x, x), and let 5&1 > 5&2 > ~ ~ ~ > 5&,, be
those of the form B(x, x). Show that the inequality

7%<l*k

holds for every k = 1, 2, . . . , n. (This is obvious in the case where A(x, x)
and B(x, x) have a common canonical basis.)

5. Find a common pair of conjugate directions for the curves
x2 2
I +‘% I 1, 2x_y I 1.
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6. Construct the linear transformation which reduces both quadratic forms

A(x,x) = E? + 25,352 + 25; — 25,53 + 3E,§,
B(x, X) = + 25152 + 3€gE3 _ +

to canonical form. What are the corresponding canonical forms?

7. Show that the basis in which the quadratic forms A(x, x) and B(x, x) both
take canonical form, with canonical coefiicients X1, X2, . . . , 1,, and v1, v2, . . . ,
v,,, respectively, is uniquely determined to within numerical factors, provided
that the ratios

11 12 ‘_»v1,v2,...,vfl

are distinct.

8. Prove that the midpoints of the chords of a quadric surface parallel to the
vector y = (1)1, 1)2,. . . , 1),) lie on an (n — 1)-dimensional hyperplane (the
diametral plane conjugate to the vector y).

9. What quadric surfaces in three-dimensional space (with coordinates x, y, z)
are represented by the following equations:

x2 ‘Y2 Z2 x2 ‘Y2 Z2 2

fi)z—§+T—1, b)I—§—T——1, C)-Y—)/2+1,

d)y=x2+z2+1; e)y=xz'?

10. Simplify the following equations of quadric surfacm in three-dimensional
spaoe, and give the corresponding coordinate transformations:

a) 5x2+6y2+7z2—4xy+4yz —lOx+8y+ 142 -6 =0;
b)x2+2y2—z2+l2xy —4xz —8yz+ l4x+ l6y— 122-3 =0;
c) 4x2 +y2+4z2 —4xy+8xz —4yz — 12x -12)/+62 =0-

11. Show that the intersection of an ellipsoid with semiaxes a1 > a2 > ~ ~ ~ > a,,
with a k-dimensional hyperplane going through the center of the ellipsoid is
another ellipsoid with semiaxes bl > b2 > ~ ' ~ > bk, where

al > bl > an—k+1:

az > be > an—k-1-2:

ak > bk > a,,.



*chapter I I

FINITE-DIMENSIONAL
ALGEBRAS AND THEIR
REPRESENTATIONS

I l.l. More on Algebras

11.11. The concept of an algebra was introduced in Sec. 6.21, this being
the name given to a linear space (over a field K) equipped with a (commutative
or noncommutative) operation of multiplication of elements, obeying axioms
l)—3), p. 136. The algebras considered in Chapter 6 were for the most part
commutative, but, in passing, we mentioned an important example of a
noncommutative finite-dimensional algebra, namely, the algebra B(K,,) of
all linear operators acting in an n-dimensional space Kn. This chapter is
devoted to the study of B(K,,) and its subalgebras. But first we will find it
convenient to consider abstract finite-dimensional algebras.

11.12. Not every algebra has a unit, as shown by the example of the
trivial algebra, i.e., any algebra such that xy = 0 for all elements x and y
(Example 6.22a). Nevertheless, every algebra can be extended to an algebra
with a unit in the following standard way?

Given any algebra A, let A+ be the set of all formal sums a + )\, where
a e A and A is a number from the field K. Then A+ is obviously a linear space
with operations

@+u+@+w=w+w+o+w
and

u(a—l-7\)= ua+)\p.

3I2
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(a, b e A; 7., it e K). Moreover, A+ is an algebra with respect to the multi-
plication operation

(11 + %)(b + l*)=(l1b + lb + iw) + M».
The algebra A+ certainly has a unit, i.e., the formal sum of the zero element
of A and the number l. We now need only note that the original algebra A
can be regarded as a subset of A+ by simply identifying each element a 6 A
with the formal sum a -l- 0 e A+.

ll.2. Representations of Abstract Algebras

11.21. Let A be an abstract algebra over a field K, and let B(K) be the
algebra of all linear operators acting in a linear space K over the same field
K. We now consider morphisms of the algebra A into the algebra B(K),
henceforth indicated by notation of the form T:A —> B(K).

a. Definition. A morphism T:A -> B(K) is called a representation of the
algebra A in the space K. A representation is called trivial if Ta = 0 for
every a EA and exact (or faithful) if T is a monomorphism, i.e., if the
operators T, and T,, corresponding to distinct elements a and b of the algebra
A are themselves distinct elements of the algebra B(K).

The set of all elements a e A which are carried into the zero operator
by the representation T is called the kernel of the representation T. The
kernel of the trivial representation is the whole algebra A, while the kernel
of an exact representation consists of a single element, namely the zero
element of the algebra. In the general case, the kernel of any representation
is a two-sided ideal of the algebra A (see Example 6.25d).

b. Definition. Two representations T’ : A -> B(K’) and T";A -> B(K")
of an algebra A are said to be equivalent if there is an isomorphism U : K’ -> K”
between the linear spaces K’ and K” such that

UT; = Tgu
for every a e A. Obviously, in the case of finite-dimensional spaces K’ and
K”, equivalence of the representations T’ and T” means that the operators
T; and T: (a 6 A) have identical matrices in suitable bases of the spaces
K’ and K”.

c. Let T:A->B(K) be a representation of the algebra A. A subspace
K’ C K is called an invariant subspace of the representation T if it is invariant
with respect to all operators Tu, a EA. By considering the operators T,
only on the space K’, we obviously get a new representation TK' : A -> B(K’),
called the restriction of the representation T onto K’.
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d. Finally let T;A —> B(K) be a representation of the algebra A such that
K is the direct sum of subspaces Kk (l < k < n) invariant with respect to the
representation T, and let T" denote the restriction of the representation T
onto K,, (l < k < n). Then we say that the representation T is the direct sum
of the representations T" (l < k < n).

11.22. To every algebra A we can assign in a natural way a representation
T:A —> B(A) in the linear space A itself which associates with each element
a 6 A the operator of left multiplication by a, i.e., the operator T, defined by
the formula Tab = ab for every b e A. This representation is called the left
regular representation of the algebra A. The invariant subspaces of the left
regular representation are obviously left ideals in A (Sec. 6.23a). Using
this concept, we can establish the following important

THEOREM. Every algebra is isomorphic to a subalgebra of the algebra
B(K), for a suitable choice of K.

Proof It is easy to see that the theorem is equivalent to the assertion
that every algebra has an exact representation. Let A be the given algebra.
As shown in Sec. l 1.12, there exists an algebra A+ with a unit e which has A
as a subalgebra. Let T:A+ —> B(A+) be the left regular representation of this
algebra. Then T is exact, since Tue = ae = a ¢ 0 for every a e A+, a ¢ 0.
Hence the restriction of the morphism T onto the subalgebra A C A+ is an
exact representation of the algebra A in the space K = A+. I

ll.3. Irreducible Representations and Schur’s Lemma
11.31. Among all representations of a given algebra we now distinguish

those with the simplest structure in a certain sense. Every representation
T:A -> B(K) of an algebra A has at least two invariant subspaces, K itself
and the subspace {0} consisting of the zero element alone. Any other invariant
subspace is said to be proper. Proper invariant subspaces which contain no
other such subspaces are called minimal invariant subspaces of the rep-
resentation T.

Definition. A nontrivial representation T:A -> B(K) is said to be
irreducible if it has no proper invariant subspaces.

11.32. Given any vector 26K, it is easy to see that the set K, =
{Taz eK:a e A} is an invariant subspace of the representation T. A vector
z eK is said to be cyclic (with respect to the representation T) if K, = K.
This definition, together with the definition of irreducibility, immediately
implies the following

THEOREM. A representation acting in the space K is irreducible ifand only
if every nonzero vector z e K is cyclic.
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Despite its simplicity, this result will subsequently be found very useful.

11.33. The irreducible representations of algebras over the field C of
complex numbers have the following important property:

THEOREM (Schur’s lemma). Let T:A ->B(C) be an irreducible represen-
tation of the algebra A over the field C. Then every operator in C which
commutes with all the operators Ta, a e A, is a multiple of the identity
operator E.

Proof Let S be an operator which commutes with all T“, a 6 A, and let
x be an eigenvector of S (Sec. 4.9). Then Sx = Ax for some complex 7., and
hence ST,,x = T,,Sx = ).T,,x for every a EA. But the representation T is
irreducible, and hence, by Theorem 11.32, every vector y 6 C can be repre-
sented in the form y : Tax, a e A. It follows that S = 7.E. |

It should be noted that the proof makes essential use of the fact that every
linear operator in a (finite-dimensional) complex linear space has an eigen-
vector (see, Sec. 4.95b). In view of the decisive role of Schur’s lemma, we
will henceforth confine ourselves to a consideration of linear spaces and
algebras over the field of complex numbers.

ll.4. Basic Types of Finite-Dimensional Algebras
Beginning with this section, unless the contrary is explicitly stated, we

will consider only finite-dimensional algebras (i.e., algebras which are
finite-dimensional regarded as linear spaces) over the field C of complex
numbers.

What is the structure of finite-dimensional algebras and their represen-
tations? Most of this chapter will be devoted to results along just these
lines. In particular, we will distinguish some classes of algebras whose
structure can be studied completely, i.e., we will succeed in describing all
such algebras (to within an isomorphism) and all their representations. We
refer to the classes of simple and semisimple algebras.

The various classes of algebras arise when we consider specific properties
of their ideals and representations.

11.41. Definition. A nontrivial algebra is called simple if it contains no
proper two-sided ideals (Sec. 6.23a). An example of a simple algebra is-the
algebra B(C,,) of all linear operators in a finite-dimensional space. In fact,
let J be a two-sided ideal in the algebra B(C,,), and let A = Hajkn 6 J be a
nonzero matrix such that an ¢ 0, say. Then, as shown in Sec. 4.44, by
multiplying the matrix A from the right and from the left by certain matrices,
i.e., by performing operations that do not leave the ideal J , we can get a
matrix E" whose only nonzero element 1 appears in the rth row and sth
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column. Moreover, by further multiplying E" from the right and from the
left by certain matrices, we can get any matrix Ejk (j, k = 1, . . . , n) without
leaving the ideal J. But linear combinations of the matrices E”, give the
matrix of any operator in B(C,,), and hence J = B(C,,). As we will see later
(Sec. 11.64), this example is unique in the class of all finite-dimensional
algebras over the complex number field.

THEOREM. Every simple algebra has an exact irreducible representation.

Proof. Let A be a simple algebra, and consider its left regular repre-
sentation T:A->B(A). It follows at once from the fact that A is finite-
dimensional that among the invariant subspaces of the representation T
there is a minimal subspace A’. The restriction T of the representation T
onto A’ is nontrivial. To show this, we need only prove that for every
b 6 A’, the set Ab = {abta eA} ¢ {O}, resorting to the following simple
proof (due to A. S. Nemirovski): Suppose, to the contrary, that Ab = {O}.
Then, as is easily seen, the set bA = {bza 6 A} is a two-sided ideal in A, and
hence, since A is simple, either bA = A or bA = {O}. But if bA = A, then
Ab : {0} implies that every product in A equals zero, while if bA = {O}, the
set {).b:7i 6 C} is a two-sided ideal in A since Ab = {O}, and hence must
coincide with the whole algebra since A is simple. Thus, in both cases, the
algebra A turns out to be trivial, and hence cannot be simple.

Thus the representation T:A -> B(A’) is nontrivial. But then, on the one
hand, it is irreducible, by the minimality of A’, while on the other hand, its
kernel, being a two-sided ideal distinct from the whole simple algebra A,
consists of the zero element alone. Therefore T (like any irreducible rep-
resentation of A) is at the same time exact. I

It turns out that the converse theorem is also true, i.e., every finite-
dimensional algebra with an exact irreducible representation is simple.
This will be shown at the end of Sec. 11.64.

11.42. An arbitrary algebra may not have exact irreducible representa-
tions. But it is natural to single out those algebras whose properties can be
described in terms of their irreducible representations. This leads to the
following wider class of algebras:

Definition. An algebra A is called semisimple if, given any nonzero
element a e A, there exists an irreducible representation mapping a into a
nonzero operator. In other words, the intersection of the kernels of all
the irreducible representations of a semisimple algebra consists of the zero
element alone.

It follows from Theorem 11.41 that every simple algebra is also semi-
simple. On the other hand, consider the n-dimensional (n > l) algebra C",
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consisting of the elements a : (Oil, . . . , oz") where oc,- 6 C, with multiplication
component by componentfr This algebra is obviously commutative. More-
over, the set of all a = (Oil, . . . , Oi”) such that at, = 0, say, is a two-sided
ideal in C”, so that the algebra C,, is not simple. Suppose that with every
element a = (otl, . . . , an) we associate the complex number otk (1 < k < n),
or equivalently the operator of multiplication by otk in the one-dimensional
space C1. Then we get an irreducible representation of the algebra C" which
maps every element of C” with oak ¢ 0 into an operator distinct from zero.
Since every nonzero element a e C” has at least one nonzero component,
there exists an irreducible representation mapping a into a nonzero operator.
Therefore the algebra C,, is semisimple.

In this example, C” is a direct sum of simple (one-dimensional) algebras.
The example can easily be generalized by considering a direct sum of simple
noncommutative algebras. Then, as will be shown in Sec. 11.77, we get the
general form of a finite-dimensional semisimple algebra over the field of
complex numbers.

11.43. Next we introduce algebras whose properties are, in a certain
sense, the opposite of those of a semisimple algebra;

Definition. An algebra A is called a radical algebra if every nontrivial
representation of A has a proper invariant subspace. In other words, a
radical algebra has no irreducible representations at all.

As an example, consider the algebra A of polynomials P(z) = clz —l-
- - - + c,,z" with the usual operations but subject to the condition 2"“ = 0.
Then every element of the algebra A vanishes when raised to the (n + l)th
power, so that no element of A has an inverse. The algebra A has no non-
trivial one-dimensional representations, since every nonzero linear operator
in a one-dimensional space is invertible. Let T be a nontrivial (and hence
multidimensional) representation of the algebra A, and let Z be the operator
corresponding to the element 2. Since Z (like z itself) is noninvertible, there
exists a vector e #0 such that Ze = 0. But then P(Z)e : 0 for every
P(z) e A. Thus we have found a nontrivial invariant subspace (the straight
line determined by the vector e) of the representation T. It follows that A
is a radical algebra.

_11.44. Definition. By the radical of an algebra A is meant the intersection
of the kernels of all irreducible representations of A if such representations
exist, or the whole algebra A if no such representations exist.

‘i’ I.e., ifa = (al,, . . . , on"), h = ([3,, . . . , B"), then ah = (1113,, . . . , <x,,,’5,,).
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Since the kernel of every representation is a two-sided ideal of the
algebra A (see Sec. l1.2la), the radical of A, being an intersection of two-
sided ideals of A, is itself a two-sided ideal of A.

The study of algebras with nontrivial radicals (in particular, radical
algebras) involves substantial difficulties, with results that, as a rule, are not
in definitive form (some of these results will be found at the end of this
chapter). On the other hand, semisimple algebras and their representations
can be studied in complete detail. In fact, as we will see below, the study
of semisimple algebras reduces to that of simple algebras.

We now turn to the detailed study of simple algebras and their represen-
tations.

ll.5. The Left Regular Representation ofa Simple Algebra

11.51. Thus let A be a simple algebra, and let T:A-> B(X) be a fixed
exact irreducible representation of A (the existence of T follows from
Theorem 11.41). This representation will henceforth be called standard.

THEOREM. Let T:A —> B(A) be the left regular representation of a simple
algebra A, and let I be a minimal invariant subspace ofT. Then

a) The restriction T‘ of the representation T onto I is equivalent to T;
b) The subspace I, regarded as a subalgebra ofA, has a right unit.

Proof. First we fix an element a 6 I, a ¢ 0. Since the representation T
is exact, Tax ¢ 0 for some x e X. Consider the linear operator U:I -> X
defined by the formula Ub = T,,x for every b e I. It is easy to see that the
kernel of the operator U is a left ideal in A (or equivalently an invariant
subspace of the representation T) contained in I but not coinciding with I.
Hence the kernel of U consists of the zero element alone. On the other hand,
the image of U is obviously a nonzero invariant subspace of the irreducible
representation T, and hence coincides with the whole space X. Thus U is an
isomorphism of I onto X. Moreover, for arbitrary b e I and c e A,

UTlb = U(cb) = T,,,x = T,(T,,x) = T,Ub,
and hence

UT: = T,U,

which shows that the representations T‘ and T are equivalent (see Sec. 1 1.2 1 b).
Furthermore, since U maps I onto all of X, there exists an element e GI
such that Ue = Tex = x. It follows that

U(be) = T,,,x = T,,(T,,x) = T,,x = Ub
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for every b 6 I. But U is a one-to-one mapping, and hence be = b. Thus e is
a right unit in the algebra. I

It should be noted that any exact irreducible representation of a simple
algebra can be chosen as the standard representation. Therefore an auto-
matic consequence of this theorem is the fact that all exact irreducible
representations of a simple algebra are equivalent.

11.52. LEMMA. Given an arbitrary algebra A, let I1 and I2 be left ideals
of A with right units e1 and e2, respectively, where ael = 0 for every a e I2
Then there exists a right unit e2 in I2 such that be2 = 0 for every b e I1.

Proof Let e2 = e2 — e1e2. Then for every a e I2 we have

ae2 = ae2 — ae1e2 = a,
since ae; = a and ael = 0. Moreover,

be2 = be2 — be1e2 = be2 — be2 = 0
for every b e I1. I

11.53. THEOREM. The left regular representation of a simple algebra A
is the direct sum of its irreducible representations.

Proof We will construct the desired set of minimal invariant subspaces
of the representation T:A -> B(A) by induction, proving at each step that,
as an algebra, the direct sum of the subspaces already found has a right unit.
For the first subspace we take any minimal invariant subspace I1 of the
representation T. According to Theorem 1 1.51, I1 has a right unit e1.
Suppose we have already found minimal invariant subspaces I1, . . . , I2 such
that the left ideal J2 = I1 + - - - + I2 has a right unit ek. If J2 = A, we have
succeeded in constructing the desired invariant subspaces. Otherwise, let

J; = {a €A:aek = 0}.

Then it is easy to see that J; is an invariant subspace of the representation
T, whose intersection with J; is empty. Moreover, since every element a e A
can be represented in the form a = aek + (a ~— aek), where aek €J,Q and
a — aek e JZ, the algebra A is the direct sum of J; and JZ.

The finite-dimensional invariant subspace J; contains a minimal invariant
subspace, which we denote by I,,+1. According to Theorem 1 1.51, Ik+1
contains a right unit elm, where aek = 0 for every a 6 I,,+1 since 12+, C J2.
It follows from Lemma 11.52 that I,,+1 contains a right unit ex such that
be; = 0 for every b e J2. Let e,,+1 = ek + el,’. Then, as is easily verified, ek+1
is a right unit in the ideal

Ji+1 = I1 -1" ' ' ‘ ‘l‘ Ik + Ik-I-1*
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This proves the legitimacy of making the induction from k to k + 1. The
algebra A is finite-dimensional, and hence at some stage we get the set of
minimal invariant subspaces I1, . . . , I,,, of the representation T whose direct
sum is the whole algebra A. Hence the left regular representation of A is
the direct sum of its irreducible representations. I

11.54. We note that it was shown in the course of the proof that every
simple algebra has a right unit. Actually, we have the following stronger

THEOREM. Every simple algebra has a unit.

Proof Let A be a simple algebra, and let e be a right unit of A. Consider
the operator T, in the standard representation T:A -> B(X). Then

T0(T,x — x) = T,,,x — Tax = 0

for every x 6 X and a e A. Since T is irreducible, every nonzero vector must
be cyclic (Theorem 11.32). It follows that T,x — x = 0. In other words,
T, is the identity operator in the space X. But then

TaT¢ : TeTa : Ta

for every a e A, and hence ae = ea = a by the exactness of the representation
T. Therefore e is a unit in A. I

11.6. Structure of Simple Algebras

At the end of this section we will solve the problem of the structure of
simple algebras. In so doing, we will find the following concept very useful:

11.61. Let X be a linear space, and let A0 be a subalgebra of B(X). The
subset of B(X) consisting of the operators which commute with all operators
in A0 will be called the commutator of the algebra A0, denoted by A0.

It is easy to see that A0 is itself a subalgebra of B(X). The commutator
of this new subalgebra, denoted by K0, will be called the second commutator
of the algebra A0. Obviously we have A0 C K0.

11.62. Given any algebra A, every element a 6 A defines two operators
in B(A), the operator of left multiplication T0, specified by the formula
T0b = ab, and the operator of right multiplication R0, specified by the formula
R0b = ba. It is easy to see that the set of all operators of left multiplication
and the set of all operators of right multiplication form subalgebras in B(A),
which we denote by Ag and A3, respectively.
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LEMMA. If the algebra A has a unit, then Al) = A3 and A3 = Al).

Proof. If S e Al), then

S(ab) = ST,,b : T,,Sb = aSb.

Setting b = e, where e is the unit in A, we get Sa = aSe. Therefore S is the
operator of right multiplication by the element Se e A, i.e., S e A3. It follows
that Al) C A3, and hence that Af) : A3, since obviously A3 C Al). The
formula A3 = Al) is proved in just the same way. I

11.63. THEOREM. Given a simple algebra A with standard representation

T:A —> B(X), let A0 be the algebra of operators of T. Then A0 = A0.

Proof. The algebra A0 defined above can obviously be regarded as the
algebra of operators of the left regular representation T:A ->B(A) of the
algebra A. According to Theorem 11.53, this representation is the direct
sum of certain irreducible representations TVA->B(I,) (1 < i< m),
where, by Theorem 11.51, each representation is equivalent to the standard
representation. This means the following: We can find a basis xl, . . . , x,,
in thespaceXand abasis fl“), . . . , fflin eachofthe subspacesli (1 < i < m)
such that for every a 6 A, the matrix of the operator T0 in the basis flu’,
fl", . . . , ff") of the whole space A has the quasi-diagonal form

Zfl
T'.= * . (1)

FT?
where each block along the principal diagonal is the matrix of the operator
T0 in the basis xl, . . . , x,, and the “off-diagonal” blocks consist entirely of
zeros. It follows from the rule for multiplication of block matrices (Sec. 4.51)
that every matrix commuting with all matrices of the form (1) is a matrix
of the form

S11 ‘ ' ' Slm
. . . , (2)

Sml ' A ' Smm

where each block Si, is an n >< n matrix commuting with all the matrices T0,
a 6 A.
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Now let P be an operator in A0, and let P be its matrix in the basis
xl, . . . , x,,. Then the quasi-diagonal matrix

Z
E

P’ Z .

I5
obviously commutes with all matrices of the form (2), and hence determines
in the basis ff", fl“, . . . , f7§"" of the space A an operator belonging to the
second commutator of the algebra A0. By Theorem 11.54, every simple
algebra has a unit, and hence, by Lemma 11.62,

which means that the matrix P determines in the basis flu’, fl", . . . , ff") an
operator P, equal to T0 for some b e A. But then P = T0 for the same b,
and hence P belongs to the algebra A0. The proof is now complete, since P

is an arbitrary element of A0. I

11.64. We are now in a position to prove the basic theorem on simple
algebras:

THEOREM (First structure theorem). Every simple algebra is isomorphic
to the algebra ofall linear operators acting in somefinite-dimensional space X.

Proof Let A be a simple algebra, and let T:A—> B(X) be the standard
representation of A. It is sufiicient to prove that the algebra A0 of operators
of the representation T coincides with B(X). Since the reprmentation T is
irreducible, it follows at once from Schur’s lemma (Theorem 11.33) that the
commutator A0 of the algebra A0 consists of just those operators which are
multiples of the identity operator. But then the second commutator A0

coincides with the whole algebra B(X). At the same time A0 = A0, by
Theorem 11.63, and hence A0 = B(X). I

It should be noted that behind all the considerations leading to the first
structure theorem lies the fact that every simple algebra has an exact ir-
reducible representation. Hence we have incidentally proved that every
algebra with an exact irreducible representation is isomorphic to the algebra
B(X). It follows at once that the converse of Theorem 11.41 holds: Every
algebra with an exact irreducible representation is simple.
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ll.7. Structure of Semisimple Algebras

11.71. In this section we will show that the problem of the structure of a
semisimple algebra reduces completely to the problem of the structure of a
simple algebra (already studied above). To this end, we will find it useful
to introduce some new concepts.

Definition. By a normal series of an algebra A is meant a chain of algebrasl"

A=I02 I12 ---21,2 I,,+1={0}

in which each algebra is a two-sided ideal of the preceding algebra. By a
composition series of an algebra A is meant a normal series of A in which
each ideal is maximal (i.e., is not contained in any larger two-sided ideal) and
In contains no proper two-sided ideals.

It is easy to see that every finite-dimensional algebra has a composition
series. In fact, among the (proper) two-sided ideals of a finite-dimensional
algebra A there is a maximal ideal I1, say. Similarly, the algebra I1 contains
a maximal two-sided ideal I2, I2 contains a maximal two-sided ideal I3,
and so on. Since the original algebra A is finite-dimensional, after a finite
number of steps we finally arrive at an algebra In which contains no further
proper ideals. The chain of algebras

A=I0DI1D ---DI,,DI,,+1={0}

so obtained is obviously a composition series of the algebra A.

11.72. Before turning to the special properties of normal and composition
series of semisimple algebras, we prove the following

LEMMA. Given any element a of a semisimple algebra A, there exists an
element b e A such that every power of the element ba is nonzero.

Proof By the definition of a semisimple algebra, there exists an irreducible
representation T:A —> B(X) such that T0 ¢ 0. Then for some x e X, x ¢ 0,
the vector y = Tax is nonzero and therefore, by Theorem 11.32, is a cyclic
vector of the irreducible representation T. Hence there is an element b e A
such that T0y = x, i.e., such that

Tux = Ta(T¢x) = Ta)’ = x-
It follows that every power of the operator T00, and hence every power of the
element ba e A, is nonzero. I

‘I Here and in the rest of this section (only) we write A E B (equivalently, B 2 A) to
mean that A is a subset ofB, reserving the notation A C B (equivalently, B D A) to mean
that A is aproper subset of B (i.e., A E B but A ¢ B).



324 FINITE-DIMENSIONAL ALGEBRAS AND THEIR REPRESENTATIONS CHAP. ll

11.73. THEOREM. A normal series of a semisimple algebra cannot contain
nonzero trivial algebras.

Proof. Let A be a semisimple algebra, and let

A=I02I12 ::'2I,,2I,,+1={0}

be a normal series of A. It can be assumed without loss of generality that
the algebra 1,, contains an element a distinct from zero. Obviously, to prove
the theorem, we need only find an element c 6 In such that ca ¢ 0.

By Lemma 1 1.72, there exists an element b 6 A such that every power of
ba is nonzero.

¢,, = (ba)2"+‘-‘b (k = 0, 1, . . . , n _1).
Then induction on k shows that ck 6 I,,+1. In fact, for k = 0 we have c0 =
bab 6 I1 since a 6 I1, and the possibility of carrying out the induction follows
at once from the obvious relation c,,+1 = ckack and the fact that a eIk+2.
Thus we see that the element c = c,,_1 belongs to the algebra I", and moreover

ca = (ba)2”—1ba = (ba)2“ ¢ 0,
as required. I

11.74. Next we prove three simple propositions:

LEMMA. Let A 2 I1 2 I2 D {O} be a normal series of an algebra A, where
the algebra I2 is simple. Then I2 is a two-sided ideal in A.

Proof. By Theorem 11.54, the algebra I2 has a unit e. Since e 611, the
elements ae and ea belong to I1 for every a e A. But then

ab = a(eb) = (ae)b e I2,

ba = (be)a = b(ea) e I2
for every b e I2. I

11.75. LEMMA. Let A be an arbitrary algebra, and let I be a two-sided
ideal of A with a unit. Then A has a two-sided ideal J such that A is the direct
sum of I and J.

Proof Let J : {a 6 A:ae : 0}, where e is the unit of the algebra I.
Then obviously J is a left ideal in A. Moreover, A is the direct sum of I and
J, sinceb= be + (b —be) andb —beeJ.

We must still prove that J is a right ideal in A. Clearly

ab : abe + a(b — be)

for arbitrary a 6 J and b e A. But be : ebe since be 6 I, and hence

abe = (ae)be : 0
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since ae = 0. Therefore ab = a(b — be), so that ab is the product of two
elements of J. It follows that ab 6 J. I

11.76. LEMMA. Let I and J be two-sided ideals of an algebra A, and
suppose A is the direct sum of I and J, with I the maximal two-sided ideal
in A. Then the algebra J contains no proper two-sided ideals.

Proof Let J’ be a two-sided ideal of J which does not coincide with J.
Then the algebra J” = I + J’ is a two-sided ideal in A. But I is maximal,
and hence J” = I. It follows that J’ : {O}. I

11.77. We are now at last in a position to prove the basic theorem on
the structure of semisimple algebras:

THEOREM (Second structure theorem). Every semisimple algebra A is a
direct sum of two-sided ideals of A, each of which is a simple algebra.

Proof As shown in Sec. 11.71, we can construct a composition series

A:IoDI1D "’DI1.DIn+1:{0l

for A. Our theorem is then obviously a special case of the following

Assertion. For every k (0 < k < n) the algebra Inrk is a direct sum of
two-sided ideals of I,,_,,, each a simple algebra, and moreover I,,_,, has a unit.

We now prove this assertion by induction on k. The algebra 1,, has no
proper two-sided ideals, and moreover is nontrivial, by Theorem 11.73.
Hence the algebra In is simple and, in particular, has a unit (by Theorem
11.54). This proves the assertion for k : 0.

Suppose now that the assertion is true for some k (0 < k < n — 1).
This means, in particular, that the algebra I,,_,, has a unit, and hence, by
Lemma 11.75, I,,_k_1 is a direct sum I,,_k -1- J where J is a two-sided ideal in
I,,_k_1. Since I,,_k is a maximal two-sided ideal in I,,_k_1, it follows from
Lemma 1 1.76 that the algebra J contains no proper two-sided ideals. At the
same time, applying Theorem 1 1.73 to the normal series

A=I0DI1D“‘DIri*k-1DJD{0l»

we find that J is nontrivial and hence simple. By the induction hypothesis,
the algebra I,,_,, is a direct sum of two-sided ideals of I,,_k, each a simple
algebra. Being simple, each of these subalgebras is also a two-sided ideal
in I,,_k_1, by Lemma 1 1.74. It follows at once from this fact and the relation
I,,_,,_1 -—_ I,,_,, + J that I,,_,,‘1 is also a direct sum of two-sided ideals of
I,,_k_1, each a simple algebra.

We must still show that the algebra I,,_,,_1 has a unit. Let e1 be the unit
of the algebra I,,_,, (which exists by the induction hypothesis), and let e2 be
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the unit of the simple algebra J. Then, since ab = ba = 0 for arbitrary
a e I,,_,,, b 6 J, it is easy to see that the element e : e, + e2 is a unit in the
whole algebra I,,_,,_,.

Thus we have justified the induction on k, thereby proving the italicized
assertion. But, as already noted, our theorem is a special case of this
assertion (corresponding to k = n). I

It should be noted that we have incidentally proved that every semisimple
algebra has a unit.

The two-sided ideals found in the theorem, whose direct sum is the given
semisimple algebra A, will henceforth be called the simple components of the
algebra A.

11.78. It was shown in Sec. 11.64 that every simple algebra is isomorphic
to the algebra B(X) for some finite-dimensional space X or, equivalently, to
the algebra of all square matrices of a certain order. Now let X1, . . . , X0 be
a set of finite-dimensional spaces, and let B(X1, . . . ,X,,) be the set of all
rows of the form

a =(a1,... , an),

where ak is an operator from the algebra B(Xk) (or, if convenient, a matrix
of the appropriate order). Obviously B(X1, . . . , X0) is an algebra with
respect to the "component-by-component" operations defined by the formulas

a—l—b=(a1—l—b1,...,a,,—l—b,,),

).a= (7\a1,...,).a,,),

ab = (a1b1,...,a,,b,,),

wherea,beB(X1,...,X,,),a=(a1,...,a,,),b=(b1,...,b,,),and).isa
complex number. It follows from these considerations that Theorem 11.77
has the following equivalent form:

Every semisimple algebra is isomorphic to the algebra B(X,, . . . , X0) for
some set ofspaces X1, . . . , X0.

We note further that the simple components of the algebra B(X,, . . . , X")
obviously consist of rows of the form (0, . . . , 0, ak, 0, . . . , 0), where the
kth entry ranges over the whole algebra B(X,,) and the remaining entries are
all zero. We will identify each such component with the corresponding
algebra B(X,,).

11.79. We conclude this section by finding all two-sided ideals of a
semisimple algebra:

THEOREM. Every two-sided ideal of a semisimple algebra A is the direct
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sum of a certain number of simple components of A.

Proof. According to Sec. 11.78, the semisimple algebra A is isomorphic
to some algebra of the form B(X1, . . . , X2) with simple components B(X2),
1 < k < n. Let I be a two-sided ideal in B(X1, . . . , X2), and let I2 be the
intersection of I with B(X2). If I contains the element

a Z (a1.~ - - , ak—1s aka am-1, - - ~ , an)!

then I also contains the element

ae2= (0,... ,0,a2,0,... ,0),

where e2 is the unit in B(X2). It follows that I can be written as the direct
sum

I=I1+~---1-I2.

But it is easily seen that I2 is a two-sided ideal in the simple algebra B(X2)
for every k (1 < k < n). Hence either I2 == {0} or I2 coincides with the whole
algebra B(X2). I

11.8. Representations ofSimple and Semisimple Algebras

From a knowledge of the structure of simple and semisimple algebras,
we can without particular difficulty find all their representations to within
an equivalence.

11.81. Let A be a semisimple algebra. Then, by Sec. 11.78, we can
identify A with the algebra B(X1,...,X2) for some set of spacm X2
(1 < k < n). Therefore, besides the given algebra A, we are led in a natural
way to consider n representations T":A -> B(X2), I < k < n of A, defined
by the formula

Tl.‘ = at E B(X..)
for every a = (al, . . . , a2, . . . , an) e A. Since theimage ofthe representation
Tl‘ is the whole algebra B(X2), these representations are all irreducible.

THEOREM. Every irreducible representation of a semisimple algebra A is
equivalent to one of the representations Tl‘ (1 < k < n).

Proof. Let A : B(X,, . . . , X2) be a semisimple algebra, with an irre-
ducible representation T:A -> B(X), and let Z(T) be the kernel of the
representation T. Since Z(T) is a two-sided ideal in A (Sec. 1 l.2la), it follows
from Theorem 1 1.79 that Z(T) is the direct sum of certain simple components
of A. Let A, denote the direct sum of the remaining simple components of
A which do not figure in Z(T), and let Ti" :A, — B(X) be the restriction onto
A1 of the original representation T. The new representation T11’ is now exact,
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and moreover irreducible since the images of the representations T11’ and T
obviously coincide. The algebra A1, having an exact irreducible represen-
tation, must be simple (see Sec. 1 1.64). Hence A1 reduces to a single simple
component, i.e., A1 coincides with B(X2) for some k (1 < k < n). But then,
as is easily seen,

T, = T21’, a2 e B(X2)
foreverya= (a1,...,a2,...,a,,)eA.

Now, according to Sec. 11.51, all exact irreducible representations of a
simple algebra are equivalent. In particular, the representation TI” :B(X2) ->
B(X) and the identity representation T12’ :B(X2) -> B(X2) are equivalent.
This means that there exists an isomorphism U:X -> X2 such that UTf11k’ =
Tfjc’U for every a2 eB(X2). But T0 = Ti}: for every a e A, as just shown,
while on the other hand it follows from the definition of the representation
T" that Tl; = Tfi’. Therefore UT0 = TZU for every a e A, which proves the
equivalence of the representations T and Tl’. I

11.82. Next we consider arbitrary representations of simple and semi-
simple algebras. In this regard, the following general proposition will be
found useful:

LEMMA. Given an arbitrary algebra A, let T:A-> B(X) be any represen-
tation of A, and let X1, . . . , X2 be minimal invariant subspaces of T spanning
a linear manifold which coincides with X.T Then X is the direct sum of certain
of the subspaces X1, . . . , X2.

Proof An intersection of invariant subspaces of a representation is
itself an invariant subspace. Therefore it follows from the minimality of
the given subspaces that for any k, the intersection of the subspace X2+1 with
the linear manifold spanned by the subspaces X1, . . . , X2 is either empty or
X2+1 itself. Hence by consecutively choosing those of the subspaces X1, . . . ,
X2 which are not contained in the linear manifold spanned by the preceding
subspaces, we get the subspaces whose direct sum is the whole linear manifold
spanned by X1, . . . , X2, namely the whole space X. I

11.83. According to the second structure theorem, every semisimple
algebra A is isomorphic to an algebra of the form B(X1, . . . , X2). In what
follows, we will find it convenient to consider the realization of B(X1, . . . , X2)
in the form of an algebra of rows, each made up of n matrices of the appropri-
ate orders. The number appearing in the “i]'th” place in the kth matrix of
the row corrmponding to the element a EA will be denoted by ).§’;’(a).
Moreover, we will use egfl to denote the element of the algebra A such that

T By the linear manifold spanned by the spaces X2, . . . , X0 we mean the set of all linear
Combinations of the form ozlxl + : - - + <x,,x,, where x26 X2 (Cf. Sec. 2.51).
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).g€*(egf’) = 1 while all other elements in the matrices of the corresponding
row equal zero. It should be noted that

gk eil’ = e. (3)
where e is the unit of the algebra A.

LEMMA. Let T:A —> B(X) be a representation of a semisimple algebra A
and suppose the vector y = T,;§1x is nonzero for some xe X and certain
indices i and k. Then y belongs to some minimal invariant subspace of the
representation T.

Proof. Let Y = {T,,y:a 6 A}. Then, since y = Tegcix, it follows from the
rule for matrix multiplication that every element z, 6 Y is of the form
z, = T,,x, where b is some linear combination of the elements ell?’ (with i and
k fixed). It is sufficient to show that if z, qé 0, then z, is a cyclic vector with
respect to the restriction of the representation T onto Y.

Now let z2 6 Y, so that z2 Tex, where c is another linear combination
of the same elements egil. Using the realization of the algebra A as an
algebra of matrix rows, we find an element a 6 A such that c = ab. But then
z2 : Tex = T,,(T,,x) = T021. Hence the vector z, is cyclic, as asserted. I

11.84. THEOREM. Every representation of a semisimple algebra A is a
direct sum of irreducible representations and the trivial representation.

Proof. Given any representation T°:A->B(X°), consider the operator
T‘; where e is the unit in A. Then the formula

><=T‘Zx+(x~T‘3x)
obviously defines an expansion of X° as a direct sum of subspaces X and X0
invariant with respect to T°, where the restriction of T° onto X0 is the
trivial representation. We must still show that the representation T:A->
B(X), the restriction of T“ onto X, is adirect sum ofirreducible representations.

Let xl, . .. ,x,,, be a basis in X. Then T, is the identity operator in X,
and hence, because of (3), the linear manifold spanned by the vectors of the
type TA;-ix for all possible indices i,j and k coincides with the whole space X.
By Lemma 11.83, every nonzero vector of this type lies in some minimal
irreducible subspace of the representation T. Thus the conditions of Lemma
11.82 are in force. But then the space X is the direct sum of certain minimal
invariant subspaces of the representation T, so that T is a direct sum of
irreducible representations. I

11.85. Theorems 11.81 and 11.84 together describe to within an equiva-
lence all representations of semisimple (including simple) algebras. In
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particular, we see that the operators of a given representation of a simple
algebra (singling out this case for greater clarity) are described in some
basis by quasi-diagonal matrices of the form

Mln
, (4)E0

where M ranges over the whole set of matrices of the appropriate order and
0 denotes the zero matrix. In the more general case of asemisimple algebra,
the corresponding matrices are quasi-diagonal matrices of the form

""""""""

\.___ _________ __ . (5)

lM.%

where each of the matrices M1, . . . , M2 appearing in the indicated larger
blocks ranges independently over the whole set of matrices of the appropriate
order (in general different for different matrices).

11.86. Incidentally we have described all simple and semisimple matrix
algebras (i.e., algebras which themselves consist of matrices). In fact, by
merely assigning each matrix of such an algebra its operator (in any basis),
we get an exact representation of the algebra. This and the preceding
considerations immediately imply the following assertion:
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Every simple (or semisimple) matrix algebra consists ofall matrices of the
form P“1LP, where P is a fixed nonsingular matrix and L ranges over the set
of all matrices of the form (4) (or of the form (5)).

For algebras containing the unit matrix, we get a somewhat different
result:

Every simple matrix algebra containing the unit matrix consists of_all
matrices of the form P"LP, where P is a fixed nonsingular matrix, L ranges
over the set ofall quasi-diagonal matrices of the form

Zia J
- 0 . <6)

and M ranges over the set of all matrices of the appropriate order. Every
semisimple algebra containing the unit matrix consists of all matrices of the
form P“‘LP, where P is afixed nonsingular matrix, L ranges over the set ofall
quasi-diagonal matrices of the form

Eiiiiiiiiiiiiii
..............

~ 9[E............... -

............
and each of the matrices M1, . . . , M2 ranges independently over the whole set
ofmatrices of the appropriate order.

11.9. Some Further Results
Thus we have completed the description of simple and semisimple finite-

dimensional algebras, as well as their representations. Further investiga
tion of finite-dimensional algebras lies beyond the scope of this chapter.
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Nevertheless, to give perspective, we now cite some well-known results along
these lines.

11.91. Wet1derburn’s theorem. Every finite-dimensional algebra is the
direct sum (regarded as a linear space) of its radical and some semisimple
algebra.'l'

11.92. The radical of a finite-dimensional algebra consists only of nil-
potent elements. Moreover, for every such algebra there exists a positive
integer n such that the product of any n elements of its radical equals zero.3‘,

11.93. Every representation of a radical algebra is described in some
basis by matrices with zeros on and below the principal diagona1.§

PROBLEMS
1. Prove that every left ideal ofthe algebra B(K2) is the set ofall operators whose
null spaces oontain some subspace K’ C K2.
2. Prove that every right ideal of the algebra B(K2) is the set of all operators
whose ranges are contained in some subspace K’ C K2.
3. Find all maximal left and right ideals of the algebra B(K2).

4. Given any semisimple algebra B oflinear operators over a space C2, introduce
a scalar product (x, y) in C2 such that A 6 B implies A* 6 B.
5 (Converse of Problem 4). Given any algebra B of linear operators over a space
C2, prove that if there exists a scalar product (x, y) in C2 such that A 6 B implies
A* 6 B, then the algebra B is semisimple.

6. Suppose the conditions of Problem 5 are satisfied. Prove that B is a simple
algebra if the intersection of the commutator B (Sec. 11.61) and the algebra B
itself consists only of operators which are multiples of the identity operator.

7. Let B be the simple algebra consisting of all matrices of the form (6) made
up of m2 blocks:

M 0 . . . 0

0 M ... 0

O O ... M

TSee e.g., N. Jacobson, The Theory of Rings, American Mathematical Society, New
York (I943), p. I16.

iSee e.g., N. G. Chebotarev, Introduction to the Theory of Algebras (in Russian),
Gostekhizdat, Moscow (I949), Sec. 8.

§ Here, of course, it is not asserted that the matrices of the operators of the representation
range over the whole set of matrices of this type. See e.g., A. Y. Khelemeski, On algebras
ofnilpotent operators and related categories (in Russian), Vestnik MGU, Ser. Mat. Mekh.,
no. 4 (I963), pp. 49-55.
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Show that the commutator of B can be represented (in the same basis) by all
matrices of the form

7\11E 7\12E ' ' ' 7*1mE

7.01E THE - - - 7.2,,,E
9

7‘1rl1E 7‘m2E i ' i )‘ntn1E

where the 1,2 (j, k = l, . . . , m) are arbitrary complex numbers. In particular,
show that the intersection of B and B consists only of matrices which are
multiples of the unit matrix.

8. For what semisimple matrix algebra B does the commutator B coincide with
B itself?

9. Describe every semisimple commutative algebra B (B C B).

10. Describe every semisimple matrix algebra B for which B C B.

11. Prove that B : B for every semisimple algebra B.

12. Let B be the algebra consisting of all polynomials in a single operator A
(hence B is commutative, so that B D B). Under what conditions does B = B?

13." Show that if the algebra B gé {0} consists only of nilpotent elements (i.e., if
Al‘ I 0 for some k = k(A) for every A 6 B), then the equality CB = B cannot
hold for any C 6 B.

14. An algebra B is said to be nilpotent if there exists a number p such that the
product of any p elements of B equals zero. Show that an algebra B equal to the
direct sum B, + - -- + B2, of its right ideals is nilpotent if each ideal B,»
(_/' = 1, . . . , m) is nilpotent.

15. Prove that if a finite-dimensional algebra B consists only of nilpotent
elements, then B itself is nilpotent.

16. Given a nilpotent algebra B of operators in the space K2, let M1 C K2 be
the intersection of all null spaces of all the operators A 6 B, let M2 C K2 be the
intersection ofall subspaces carried into M, by the operators A 6 B, let M3 C K2
be the intersection of all subspaces carried into M2 by the operators A 6 B, and
so on. Show that

{O}CM1CM2C--- CM,,:K2,

where each set is a proper subset of the next and p is the index of nilpotency of
B, i.e., the smallest number p such that the product of any p operators in B
equals zero.
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17. Prove that for every nilpotent algebra B of operators in a space K2, there
exists a basis in which every operator A 6 B is specified by a matrix of the form

0 A12 A13 "' A1.»-1

0 0 A23 “‘ A2.p~—1

A=O O O A32_,,

000-“ O

where p is the index of nilpotency of B. (A. Y. Khelemski)



*appendix

CATEGORIES OF
FINITE-DIMENSIONAL
SPACES

A.l. Introduction

A.11. Recently the concept of a category and certain related ideas have
begun to play an important role in various branches of mathematics.T An
example of a category is a collection of sets together with mappings of the
sets into one another. A collection of linear spaces or algebras together with
their morphisms is another example of a category.

The exact definition ofa category is as follows: Let M be a set of indices
oz, and let .7!’ be a set of elements X2 (at 6 szl) called objects of the category
1’. Suppose that for every pair of objects X0 and X2 there is a set $02 of
other elements A0,, called mappings of the object X2 into the object X0 such
that the product of the mappings A22 and A02 is defined for arbitrary at, B, Y
and belongs to $22, where multiplication is associative, i.e.,

A8Y(AvBAB1) = (AsvA~ta)Ae¢
for arbitrary oz, B, Y, S. In particular, the set $22 of mappings of the objects
X2 into themselves is defined, and (associative) multiplication of mappings
is defined in -Q22. Finally, it is required that the set .922 contain the unit

'1’ See e.g., H. Cartan and S. Eilenberg, Homologieal Algebra, Princeton University
Press, Princeton, NJ. (I956); Séminaire A. Grothendieck, Algébre Homologique,
Secretariat Mathématique, Paris (I958); A. G. Kurosh et a1., Elements of the theory of
categories (in Russian), Uspekhi Mat. Nauk, vol. I5, no. 6 (I960), pp. 3C52.
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element 1,, which has the property that

l,A,0 = A20, A21, = A2,
for arbitrary oz, B and Y. Instead of $22 we will usually write simply $2.

A set .7!’ of objects X2 and mappings A0,, with the properties just enumer-
ated is called a category. A category .7!’ is called linear if in the set $0,, of
mappings A0,, (with arbitrary fixed at and B) there are defined operations of
addition of mappings and multiplication of mappings by numbers (from the
field K). This makes the set $0,, into a linear space over the field K. Thus in
a linear category the set .Q, becomes an algebra with a unit (over the field K).

A.12. In this appendix we will consider linear categories whose elements
are finite-dimensional linear spaces (of dimension >1) over the field C of
complex numbers, while the mappings are linear mappings (morphisms) of
one such space into another.

Thus we start with the following definition: Let X,, (at 6 M) be a set of
finite-dimensional complex linear spaces, and for every at let $2 be an algebra
of linear operators carrying X2 into itself. Moreover, suppose that for every
pair of indices at and B there is a set $02 of linear operators A02 carrying X2
into X0 such that 1) if 380,, contains the operators A0,, and B02, then 330,,
contains the operator sum A02 + B02, and 2) if $0,, contains the operator
A02, then $0,, contains the product AA02 where 7. is an arbitrary complex
number. A family of linear operators with these two properties will be
called a linear family. ln particular, the linear family .9312, coincides with the
algebra Q2. It is also assumed that

.QY03'J0, C 53,2 (1)

for arbitrary 0., B and Y, i.e., that every product

Avt:Ae1 (Ave E five» At»: E M151)
belongs to #12,. Such a set of spaces X2 together with algebras £2 and
linear families £02 will be called a category of finite-dimensional spaces or
simply a category, and will be denoted by 1’.

If we choose a basis in every space X2, then the algebras 38,, and linear
families 330, can be identified with the algebras and linear families of the
corresponding matrices, a fact which will henceforth be exploited system-
atically.

In what follows, we will find the categories of linear spaces corresponding
to given algebras .932, confining ourselves to the case where the .9312 are
semisimple algebras containing the unit matrix. According to Sec. 11.86,
for such an algebra the space X2 can be decomposed into a direct sum of
subspaces X2, invariant under all the operators A22, where in each subspace
X2, the algebra J, is a simple algebra containing the unit matrix, i.e., is
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described in some basis by the set of all quasi-diagonal matrices of the form

E
A5

' s

E
where C ranges over the set of all matrices of the appropriate order.

We begin with an analysis of some special cases for which general results
can afterwards be stated. Thus in Sec. A.2 we consider the case where every
algebra W2 is complete, i.e., is the algebra of all linear operators acting in
the space X2. The opposite case where each Q2 is an algebra of operators
of the form 7.E (multiples of the identity operator E) is considered in Sec.
A.3. The results of Sec. A.4 pertain to the case of simple algebras $2, this
being a natural generalization of the case of the algebras {7.E}. In Sec. A.5
we consider the case where each algebra W2 is an algebra of all diagonal
matrices of a given order, while in Sec. A.6 the general category with semi-
simple algebras W2 is reduced to the categories considered in the preceding
sections.

A.13. We now recall the notation and rules of operation governing
matrices of linear operators mapping a linear space X into a linear space Y
(see Secs. 4.41-4.43). Let X be an n-dimensional space with basis el, . . . , e2,
and let Y be an m-dimensional space with basisfl, . . . ,f,,,. Then with every
linear operator A mapping X into Y we associate an m >< n matrix

an a12 ' ' ' am

a a - - - aA = 21 22 211

aml am2 ' ' ' amn

(with m rows and n columns), where the numbers al,-, a2,-, . . . ,a,,,,- in the
jth column are the coefficients of the expansion of the vector Ae, 6 Y with
respect to the basis fl, . .. ,f,,,. Moreover, let Z be a k-dimensional space
with basis gl, . . . ,g2. Then with every operator B mapping the space Y
into the space Z we associate a k >< m matrix

Ibn biz blm

B: I721 I722 I72.»

bkl bk2 bk".
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The operator C = BA maps X into Y and has the k >< n matrix

C11 C12 ' ' ' cut

C21 C22 C2C: ” ,

cm ck‘! ' ' ' ckn

obtained by multiplying the matrices B and A in accordance with the formula

m

c,,2=Z1b,,,-a,»2 (p=1,...,k;q=1,...,n).
,2

A.14. The following fact, slightly generalizing Examples 4.44a—b (and
proved in the same way), will often be found useful:

LEMMA. Given an m >< n matrix A : lla,,,ll, suppose A is multiplied
from the left by a k >< m matrix B I llbnll with all its elements equal to zero
except the single element b,.0,o I 1. Then the result is a k >< n matrix BA
whose r0th row consists of the elements of the s0th row of the matrix A while
all other elements of BA vanish. On the other hand, thematrix A is multiplied
from the right by an n >< l matrix C : llc,.,ll with all its elements equal to zero
except the single element c,.m, the result is an m >< l matrix AC whose s,th
column consists of the elements of the rlth column of the matrix A while all
other elements of AC vanish.

A.15. It follows from the lemma that if an m >< n matrix A is multiplied
from the left by a k >< m matrix B and from the right by an n >< lmatrix C,
where B and C have the indicated properties, then the result is a k >< l
matrix BAC all of whose elements vanish with the (possible)-exception of the
single element, equal to axon, appearing in the r0th row and s,th column
(cf. Example 4.44c).

A.2. The Case of Complete Algebras

A.21. Suppose the category J1" consists of finite-dimensional linear
spaces X,, where for every at the algebra 5%, of operators acting in X2 is
complete, i.e., is the algebra of all linear operators in X2. Fixing arbitrary
bases el, . . . , e2 in the space X, andfl, . . . ,f,,, in the space X2, we can identify
the operators in the sets 33'“, 33,2, 332,, .9822 with the corresponding matrices.

Let n be the dimension of the space X, and m the dimension of the space
X2. Suppose the family $2, contains a nonzero operator A, so that the
corresponding m >< n matrix A = lla,,,,ll has at least one nonzero element,
say a202“. We can assume without loss of generality that a 20,0 : I. lt follows
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from the condition (1) and the assumption that .931, and W2 are complete
matrix algebras that the product of A from the left by an m >< m matrix and
from the right by an n >< n matrix is itself a matrix in the family $2,. But,
according to Sec. A. I5, there is always an operation of this kind leading to an
m >< n matrix with a unique nonzero element equal to l in any preassigned
position. Hence, since any m >< n matrix is a linear combination of such
matrices, we see that W21 contains all m >< n matrices, i.e., W2, is a complete
family of operators mapping X, into X2.

A.22. As we will see below, the category .7!’ just described can be related
to a certain partially ordered set.

Definition. A set S is said to be partially ordered if for every pair of
elements A, B 6 S there is a relation, denoted by the symbol < (and read
“1ess than or equal”) satisfying the following axioms:

a) IfA<BandB<A,thenA=B;
b) IfA<BandB<C,thenA<C;
c) A < Afor every A.

A somewhat more general concept is that of a prepartially ordered set,
by which we mean a set S with a relation < satisfying only axioms b) and
c). In this case, if A < B and B < A, we call A and B equivalent and write
A ~ B. Then A ~ B and B ~ C together imply A ~ C. In fact, by axiom
b), it follows from A < B, B < Cthat A < C and from C < B, B < A that
C< A. But A < C and C < A together imply A ~C. Therefore the
relation < allows us to partition the whole set S into (equivalence) classes
Mn? , . . . , where each class M contains all elements equivalent to A as
well as a given element A, while elements A and B belonging to distinct
classes are nonequivalent.

Next we introduce the relation < for the classes .M and W themselves,
writing M < .Q if there exist elements A EM, B 6 .Q such that A < B.
This definition is independent of the choice of the elements A 6 M, B 6 .Q.
In fact, suppose A, 6 M, B, 6%, so that A ~ A2, B ~ B2. Then A, < A <
B < B, and hence A, < B, as required. The fact that axioms b) and c)
for a partially ordered set hold for the classes M, .Q, . . . now follows from
the fact that they hold for the elements A, B, . . . . To show that axiom a)
also holds for the classes M, .Q, . . . , let M < Q, .Q < M and choose
arbitrary elements A EM, B 6 .Q. Then A < B and B < A, so that A and
B are equivalent. But then M and .Q coincide, ie., M = W, as required.

Thus by introducing an equivalence relation in a prepartially ordered set
S, in the way indicated, we arrive at a partially ordered set of classes of
equivalent elements.
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A.23. We now resume our study of the category 1’. It follows from
Sec. A.21 that given any pair of spaces X1 and X2, there are just four
possibilities:

a) $12 and $21 are both complete sets of operators;
b) $12 is a complete set and $21 consists of the zero element alone;
c) $21 is a complete set and $12 consists of the zero element alone;
d) $12 and $21 both consist of the zero element alone.

If $12 is a complete set and no assumptions at all are made about $21, we
write X1 < X2 (the relation X2 < X1 has the analogous meaning).

As we now show, the relation < makes the category .7!’ into a pre-
partially ordered set. In fact, $11 is a complete set of operators for the given
space X1, by hypothesis, and hence X1 < X1. Moreover, if X1 < X2 and
X2 < X2, then $12 and $22 are complete sets of linear operators mapping
X1 into X2 and X2 into X2, respectively. Since all our spaces have dimension
> 1, there is obviously a nonzero operator in the set $12. In fact, let e1 6 X1,
e26X2, e1, EX3 be fixed nonzero vectors. Then such an operator can be
obtained as the product AB, where the operator A 6 $12 carries e2 into e1
and the operator B 6 $22 carries e1, into e2. By Sec. A.21, $11, is a complete
set of operators carrying X2 into X1, so that X1 < X1,. Thus axioms b) and c)
are satisfied, and the category .7!’ has been made into a prepartially ordered set.

A.24. In accordance with Sec. A.22, we now introduce an equivalence
relation in Ji’, writing X1 ~ X2 if X2 < X1 and X1 < X2, i.e., if both $12 and
$21 are complete sets of the corresponding linear operators. Then the set
of spaces X2 decomposes into classes of equivalent spaces, and the set of all
such classes becomes a partially ordered set when equipped with a relation
as in Sec. A.22.

Conversely, every partially ordered set of classes $2 offinite-dimensional
spaces defines a category of the type under consideration. In fact, for spaces
X1 and X2 belonging to the same class we specify $12 and $21 as complete
sets of operators, while for spaces X1 and X2 belonging to classes $1 and $2
such that $1 < $1, (i.e., such that $1 < $2 but $1 eé $2), we specify $12
as a complete set and $111 as the set consisting of the zero element alone.
Moreover, if X1 and X1 belong to noncomparable classes $1 and $1, we
specify that $11 and $11 both consist of the zero element alone.

The description of categories of the indicated type is now complete.

A.3. The Case of One-Dimensional Algebras
A.31. Turning to the case where the given algebras $2 are all one-

dimensional, we consider two simple examples:
a. Let the category .7£’1 consist of two spaces X1 and X2 of the same

dimension, and let the set $21 consist of an operator A mapping X1 onto X2
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in a one-to-one fashion together with all its multiples AA, 7. 6 C, while the
set $12 consists of the operator B which is the inverse of A together with all
its multiples p.B, p. 6 C. Then obviously

'QI2‘Q2l = {AB}, '%I‘Ql2 =

b. Let the category L consist of two arbitrary spaces X1 and X2 with
fixed subspaces X1 C X1 and X; C_ X2, and let the set $21 consist of all
operators carrying X1 into X; with X1 going into {O}, while the set $12 consists
of all operators carrying X2 into X1 with X; going into {O}. Then obviously

‘QWQ21 = {O}, ‘Q21-Q12 =

It will now be shown that the categories .7£’1 and .% essentially exhaust
all categories consisting of two spaces with $, = {7.E} (j = 1, 2), i.e., that
the following alternative holds for any such category 1’: Either $12$21 =
{O}, in which case $21$12 = {0} also and the category .7!’ is contained in a
category of the type L, or the spaces X1 and X2 have the same dimension and
.7!’ is a category of the type .7!’1.

A.32. Thus let .7!’ be a category consisting of two spaces X1 and X2
subject to the condition $1 = {7.E}, $2 = {7.E}. Let N1 C X1 be the inter-
section of the null spaces (Sec. 4.62) of all operators A21 6 $21, and let
N2 C X2 be the intersection of the null spaces of all operators A12 6 $12.
If $21X1 C N2 and $12X2 C N1, we are dealing with a subcategory of a
category of the type .7£’2 in which X1: N1, X1 = N2. Therefore we assume
that $21X1 is not contained in N2, say, and hence that there is a vector x1 6 X1
and an operator A21 6 $21 such that A21x1 = x2 does not belong to N2.

Every operator B21 6 $21 carries x1 into a vector collinear with x2, and
every operator C12 6 $12 carries x2 into a vector collinear with x1. In fact,
let A21x1 = x2, B21x1 =y2, and consider an operator Cf, 6 $12 such that
C12x2 eé 0. Then, by the basic condition, Cfzxz = C‘f,A,1x1 = 71x1, where
7. #0. Replacing Cf, by a multiple of C11,, we can assume that 7.: 1.
Moreover Bmqzxz = B21x1 = y2, while at the same time B,1C‘;,x, = p.x2,
and hence y2 = 11x2. Since, conversely, x1 = Cfzxz and x1 $5 N1 by the
definition of x1, we have analogously C12x2 = p.x1 for every C12 6 $12.

Moreover, in the given case, N1 and N2 reduce to the set {0} consisting
of the zero vector alone. In fact, if 21 6 N1, then A21(x1 + z1) = A21x1 = x2,
i.e., the vector x1 in the above construction can be replaced by x1 + z1. But
then Cgzxz is a multiple of both x1 and x1 + z1, so that x1 and z1 are collinear.
Therefore z1 = 0, since x1 6 N1. It follows that N1 = {O}. Similarly, starting
with x2, we find that N2 = {O}.

We now see that x1 can be chosen to be any nonzero vector of the space
X1, since there is always an operator A21 6 $21 carrying x1'into a nonzero
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vector. Hence the operators of the set $21 establish a one-to-one corre-
spondence between all the straight lines of the space X1 and some set of
straight lines of the space X2, in fact the set of all straight lines of the space
X2 by the symmetry of our construction.

Next we prove that the whole set $21 reduces to the set of multiples of a
single operator. Let x1 96 0 be an arbitrary vector of the space X1, and let x2
be a nonzero vector determining the straight line in the space X2 corresponding
to x1. As we know, there is an operator Ag, 6 $21 carrying x1 into precisely
x2. Every other operator A21 6 $21 carries x1 into 71x2 for some 7.. First
suppose A21x1 = 71x2, where 7. eé 0. Then the operator

1
B21 = Z A21

carries x1 into precisely x2. Moreover, B21 coincides with Ag, everywhere.
In fact, suppose to the contrary that Aglyl =y2, B21y1 = z2 ¢y2. This can
happen only ify2 eé 0, z2 =\p.y2, p. eé 1 or ify2 = 0, z2 eé 0. Let 21 = otx1 +
By1 be a nonzero vector with at eé 0, B¢ 0. Then the vectors A2121 and
B2121 are collinear, as proved above. But this is impossible in our case, since

Ag1(°iX1 -l" 13)/1) = “X2 ‘l' PY2. B21(°iX1 -l" B)/1) = “X2 ‘l' fall-Y2

ify2 eé 0, while

Ag1(°iX1 ‘l' I5)/1) = “X2, B21(°iX1 ‘l' 13)/1) = “X2 ‘l' I322

if y2 = 0. This contradiction shows that if A21x1 = 71x2, 7. eé 0, then A21 =
M21. Now suppose A21x1 = 0. Then, as just proved, Ag, + A21 = Ag, and
hence A21 = 0. Thus $21 reduces to the set of multiples of a fixed operator
A21, and similarly‘ $12 reduces to the set of multiples of a fixed operator BQ2.
The products Ag1Bf2 and B‘{2Ag1 are nonzero and, by the basic assumption,
give operators which are multiples of the identity operator. Hence the
operators Ag, and Bf, are inverses of each other (apart from a numerical
factor). But this is possible only if the spaces X1 and X2 have the same
dimension. Thus, finally, we have proved that every category .7!’ of the
indicated type which is not a subcategory of a category of the type L, is a
category of the type .7!’1.

A.33. The categories of the types .%’1 and .% are not the only possible
categories with two spaces X1, X2 and algebras $1 = {7.E}, $2 = {7.E}. In
fact, suppose that in the set $21 ofa category .7!’ of the type .7£’2 we choose a
linear subset without increasing N1 or decreasing N2 (for example, by
imposing a suitable extra linear homogeneous condition on the elements of
the matrices of the operators A21). Then we get a category 1” which satisfies
the given conditions but does not coincide with 1’. In the set of all categories
with $, = {7.E} (j = 1, 2), partially ordered with respect to set inclusion,



APPENDIX 343

the categories of the type L are characterized by the fact that they are
maximal, in the sense that no category of the type .7!’2, except for singular
cases where X1 = {0} or X1 = {O}, can be enlarged while preserving the
properties ofa category and the conditions $1 = {7.E}. In fact, suppose that
a category .7!’ of the type L can be enlarged by including an operator A11
taking a value y2 ¢ X1 for some x1 6 X1 —- X1, where X1 = {O}. Let B111 6 $12
be an operator carryingy2 into a nonzero vector x1 6 X1. Then B‘11A‘11x1 = x1,
contrary to hypothesis.

Moreover, suppose that in the category .7!’ we include an operator A21
carrying a vector x1 6 X1 into a nonzero vectory1 6 X2. Then clearly X1 eé X1,
since otherwise X1 = $11X1 = $11X1 = {O}, and there cannot exist a
vector x1 mapped into a nonzero vector. Hence there is an operator B12 6 $12
carrying a vector y2 6 X2 —- X1 into x1. But then A12B21y2 =y1, contrary to
hypothesis.

Similarly, assuming that X1 eé {O}, we find that it is impossible to include
a single extra operator in the set $12. Thus our category .7!’ of the type L
is indeed maximal, under the assumption that X1 eé {O}, X1 eé {O}.

A.34. The singular cases must be considered separately. For example,
suppose X1 = {O}, so that $12 consists of the zero operator alone. Then, if
X1 eé X2, the category is nonmaximal, and we can enlarge the set $21 to
include all operators mapping X1 into X2 without dropping the conditions
$, = {7.E} (j = 1, 2). This gives a “trivial” maximal category, where
$12 = {0} and $21 is a complete set of operators mapping X1 into X2. There
is an analogous maximal category with $21 = {0} and $12 a complete set.
Thus, finally, we find that the general category of the type L is maximal
under the following conditions: 1) X1 eé {O}, X1 eé {O}; 2) X1 = {O}, X1 = X2;
3) x; = x1, X1 = {0}.

A.35. We now turn to the general case of a category with an arbitrary
number N < 00 of spaces X2, oz 6 M. Here we have the following analogue
of the alternative proved in Sec. A.31:

THEOREM. If $1 = - -- = $2 = {7.E}, then either the product$12.$2_2_1 - --
$22$21 vanishes, or the spaces X1, . . . , X2 all have the same dimension and
$2 == {).A1?,} where the A1, are fixed invertible operators such that

A1)kAg.k—1 ' ' ' A‘is2A‘21 = E-

Proof. Suppose the product $12$2_2_1- - - $22$21 contains a nonzero
operator, which is therefore equal to 7.E with 7. eé 0, and let r, be the
dimension of the space X,- (j = 1, . . . , k). Consider the category .%’0 made
up of the two spaces X1, X2 and the following sets of operators $21, $11:

gala = g1k'Qk,k-I ' ' ' 9321 -Q21 = flu



344 APPENDIX

($21 is the linear manifold spanned by the corresponding operator products
A12A2.2_1~~~A1,2, each mapping X2 into X1). Since clearly $‘1’2$g1 eé {O},
it follows from Secs. A.31—A.32 that X1 and X2 have the same dimension
r1 = r2, while $11 = $21 = {AA11} where A111 is an invertible operator with
inverse (A‘11)" and $‘11 == {p.(A‘11)"}. Similarly, applying the same argument
to the category .)£’0’ made up of the two spaces X2, X1, and the linear manifolds
$13, $111 spanned by the operators of the form

(Ag1)_1A1kAk.1.C1 ' ' ' Ass

and A22, respectively, we find that r2 = r1, and $22 = {).Ag1} where Ag1 is an
invertible matrix. Continuing in this way, we arrive at the desired conclusion
after k steps. I

A.36. In this section and the next, when considering a category made up
of N spaces, we will assume that all the cyclic products $,,0$0., - '~ $0,,
vanish. Otherwise, we would simply identify the corresponding spaces which
are all of the same dimension.

First consider the following concrete category, which we denote by L":
Let X12, . .. , X1111 be N—~ 1 arbitrary subspaces of the space X1, and for
distinctj, k, l, . . . let

X112 = X1, F) X12, X11111 = X11 F) X12 F) X11, . . . ,

where we successively form intersections of the spaces X11 two at a time,
three at a time, and so on. If N is finite, the last intersection will be X12___N,
the intersection of all N —- 1 of the selected subspaces, while if N is infinite
there will be no last intersection. Let the same construction be carried out
in all the remaining spaces X2, X1,, . . . , where the index of the whole space
is always the first of the indices appearing in the symbol used to denote any
of its subspaces. Thus to any set of distinct indices j, k, . . . (in that order)
there corresponds a unique subspace of X,. As for the sets $02, we define
$21 as the set of all operators mapping X1 into X2 such that every subspace
X1,“_2 goes into X21202 if the sequence j, . . . , k does not contain the index
2 and into the set {0} otherwise, with the other sets $0,, being defined
similarly.

We now prove that 1'1)‘ is in fact a category. Given operators A21 6 $21
and B22 6 $22, consider the operator B22A21 carrying the space X1 into the
space X1,. The operator A21 carries the subspace X1,-___2 into X21,___2 and then
B22 carries X21,___2 into X221,___2 C X21,___2, Hence B22A21 6 $21, as required.
Moreover, if there is a sequence of operators A1,, . . . ,A21 mapping the
space X1 into itself, then the resulting operator carries X1 into X1,___21 = {O},
in keeping with the requirement that $1, - - - $21 = 10}.



APPENDIX 345

A.37. Next we show that every categoryf made up of N < oo spaces
X1, X2, . . . with $1 = {7.E} is contained in a category of the type 1’. Let
X,2 be the total image in the space X, of the space X2 under the action of all
operators in $12, and let X,21___,,,,, be the total image in the space X, of the
space X2, under the action of all operators of the form A,2A2, - - -Am (in
that order). Then X,-2,____,,2 is contained in the intersection of X12, X,,,. .. ,
X12,. In fact, if z 6 X,2,___,,,,, then

—- ‘Z ‘Z . . . ‘Z 0‘ . . . ‘Z ‘Zz 1: 2 A,2A21 AMA," A,,,2z,,,,

where 2; 6 Xm, or equivalently,
_ at at _ _ I at at

Z 1: 2 A:'kAk1 Anya»

where
ll ll ll __

yq 1 2 AQT . - - C X0’

But Aj‘2A‘1,- ~ - A112 6 $2,, and hence z 6 X21, as required. Note also that A1,
carries X,-___,,, into X,,___,,,.

It is now clear that our category is contained in a category of the type
L” with defining subspaces X12. In particular, all the maximal categories
must be of the type LN. However, it is not clear what conditions on the
subspaces X12 make a category of the type LN maximal. (Recall that in the
case of two spaces X1 and X2, a necessary and sufficient condition for
maximality of a category of the type L is that the spaces X12 and X21
either be both dilferent from {O}, or else that one of the spaces be the whole
space while the other is the space {0}.)

A.4. The Case of Simple Algebras

If the given algebras $2 are all simple, then, by Sec. 11.86, each $2
consists of the set of all quasi-diagonal matrices of the form

F
E

- (2)

C

in some basis, where C ranges over the set of all square matrices of order r2.

1' Of the special type under consideration.
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A.41. First we consider a category 1’ with just two spaces, a space Xl
of dimension nl with kl blocks of size ml (so that nl = klml) and a space X2
of dimension n2 with k2 blocks of size m2 (so that n2 = kzmz). Then every
matrix ‘llzl Eflzl can be partitioned into blocks as follows:

ml

mzl A11 A12 ' ' '

‘H21 : A21 . . . . . k2

Akll ' ' ' ‘ Ak¢kl
mm

/<1

Similarly, every matrix Q3” 6 fill can be written in the form

m2
_._

mil Bu B12 3%

Bf‘ i 11 i
k2

THEOREM. Either ‘lI2lQ3l2 = 0 (for arbitrary ‘1[2l edzl, 23” eflw), or
kl = k2 and the matrices Am are all multiples of an (arbitrary) fixed matrix
A and the matrices BM are all multiples of an (arbitrary) fixed matrix M,
with the constants of proportionality making up a pair of mutually inverse
matrices Z and § of order kl = k2.T

Proof. If the matrices ‘>1[,l and Q3l2 belong to the category 1’, then so
does their product (from the appropriate sides) by matrioes Cl and C2 of
the form (2). Therefore, along with the equality

Q[21Q312 = C2»
we also have '

Q[21c1Q312 = C2

1' A category of the second type will be denoted by JG.
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for an arbitrary matrix Cl of the form (2). Recalling the rule for multipli-
cation of block matrices (Sec 4.51), we have

AllCBll + Al2CB2l + - - - + Al,,‘CBk‘l
= A2lCBl2 + Allcslz + - - - + A2,,‘CB,,‘2 (3)
= - -- = Ak‘lCBlkg + Ak:2CB,,,, + - - - + A,,2,,‘CB,,‘,,,,

AllCBl2 + Allcsll + - - - + Alk‘CB,,‘2 = 0,

Let C be the matrix with a single nonzero element, equal to l, appearing in
the rth row and sth column (r < ml, s < ml). In general, ifA is any m2 >< ml
matrix and B any ml >< m2 matrix, then ACB is a ml >< m2 matrix of rank 1,
with the element a,,,b,q appearing in the pth row and qth column. With this
choice of C, the formulas (3) become

alibi? + a}?b?? + " " " + ai’£‘bl‘;‘
= a?}-bi? + a??b?? + " "" + a3‘b’§;?
= ~ ~ ~ = a’;:‘b:;" + a::*bf;“= + ~ ~ ~ + a’;¥“bl?"’, <4)

aiibi? + a}?b?? + " " ‘ + all-‘b’§;? = 0,.......................... . . ,
where the superscripts denote the indices of the corresponding matrices.

We can regard (4) as a single matrix equation

11 12 11¢ 11 12 1k
arr am" am‘ baa baa baa.

21 22 _ _ _ 21¢, 21 22 _ _ _ 21¢;
.. .. am" am" am bra bsa baa

Am'B-to _"

kzl 76:2 . . . kzki kil k12 . . . Mk:
am‘ awr am bsq baa baa

A 0 ... 0

... 0Z 0 A k2_

00...)\}
\__,__/

k2
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Similarly, we have

21 22 _ 21¢ 21 22 _ _ _ 2
E 1 ___ baa baa baa: arr am aw?

sq pr _"

11 12 _ 11¢, 11 12 _ _ _ uq
bill b5U bill a1)?‘ av?‘ aPT

R11 7612 _ _ _ Ink; kgl It-22 _ _ _ kgkl
baa bsa baa am am am-

a 0 0
0 ...

= “ 0 kl.
0 0 ... H
mi

/<1
Thus we see that the matrices 1,, and Esq (with parameters p, r, s, q) form a
category connecting the space Xl of dimension kl with the space X2 of
dimension kl, subject to the conditions

$1 = {XE}, W2 = {HE}-
We can now apply the alternative proved in Sec. 12.32. Namely, if kl qé k2,
then in fact A = 0, p. = 0, while if A qé 0 (or if p. qé 0) for at least one set of
indices p, q, r, s, then kl = k2 and the matrices 11,, are all multiples of a
single invertible matrix Z, while the matrices Em are all multiples of the
inverse matrix § = 1-1:

1,, == xl,,/T, 11,, = u,,§.
The matrix 11,, consists of the elements of the matrices All appearing in the
pth row and rth column. Hence

ii’; = 7\,,,a”‘,
where the 6”‘ are the elements of the matrix Z of order kl = k2: It follows
that the matrices K,,, are all multiples with coefficients E” of a fixed matrix
A = IIM,-ll, and similarly for the matrices FM. Moreover, the matrices I
and § are inverses of each other, as already noted. I

A.42. Thus if ‘l[2lQ3l2 96 0, then kl = k2 and the category 1’ is of the
form EHA 512A

‘H21: 511A . . ’ (5)

,;ki1A .

511M 512M|
2312: ~ " .



APPENDIX 349

where A == llkmll is an m2 >< ml matrix and M = Hp.,qH is an ml >< m2 matrix.
Among the matrices A figuring in the given category there must be a nonzero
matrix A0 (since flzlfllz qé {0}), and henoe any m2 >< ml matrix must be a
matrix A since we can get any nonzero matrix by multiplying A0 from the
right by C2 and from the left by Cl. Hence if flzlfllz qé {O}, the set fill
consists of all matrices of the form (5), where Z = llfiikll is a fixed invertible
matrix and A ranges over the set of all m2 >< ml matrices. The situation is
similar if fllzflzl qé {O}. It is n0w'clear that the inequalities fllzflfizl qé {0}
and flzlfllz qé {0} either both hold or both fail to hold.

A.43. The above results can be formulated in terms of tensor products,
an approach which allows us to explain some further facts as well. Thus we
begin with the following definition:

Given a k-dimensional linear space X with a basis el, . . . , ek and an
m-dimensional linear space Y with a basis fl, . . . ,fm, by the tensor product
X x Y = Z of the spaces X and Y we mean the set of all finite formal sums

11

Xx» >< yv»
v=1

where xv 6 X, yv 6 Y. Here it is assumed that

[X1 X Y] + [X2 X Y] = l(X1 ‘l' X2) X ylr

[X >< Y1] + [X >< Y2] = [X >< (yl + y2)],
11 11 11
ZMX» X yv Zixv X )\vyv ==E)\v[xv X

v==1 v=1 v=1

It follows that Z is a linear space of dimension <km, where all the vectors
of Z can be expressed,in terms of vectors of the form ei ><f, (i = l, . . . , k;
j = 1,. .. , m). It is further assumed that the vectors e,- ><f,- are linearly
independent and hence form a basis for the space Z, so that the coefficients
c,-,- in the expansion

,§l\/1*3 = = _ iilei X./jl (6)

can be uniquely determined. We can write (6) somewhat difierently by
summing over the index i. This gives

m k m

8 =§1(§1¢t,-ea) X fa =21)‘: X fa,
H.

where the
k

xi = Z cirei
i=1

are arbitrarv vectors of the space X (no longer necessarily basis vectors).
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A.44. Let A be an operator mapping a space Xl of dimension kl into a
space Xl of dimension kl, and let B be an operator mapping a space Yl of
dimension ml into a space Yl of dimension ml. Then by the tensor product
C : A x B of the operators A and B we mean the operator mapping the
space Zl = Xl x Yl into the space Zl = Xl x Yl in accordance with the
formula

C[e§ >< fill = Aef >< Bel (7)
(the superscript is the index of the space). If

k2 M2
1Aei =2l1¢>\@i, Bf? zzbmflfl

>\=1 |A=1
then (7) takes the form

k2 m2

c[e§ >< f}] =g Za,-lb,,,[e§ >< ff].
>- '5 >-

Next we find the structure of the matrix C of the operator C with respect
to the bases e} >< fl‘ and ei >< ff arranged in Xl x Yl in the order

@l><fl,@é><fl,---mi, ></‘Lei ></‘Le; Xf;9"‘9e;1Xf§!~~'7
ei ><f1,.,,eé >< fi,.,, - - - , el, >< fin,

and similarly in the space Xl x Yl. According to Sec. A.l3, the matrix C
has the form

41111711 11121711 ' ' ' a1klb11 ' ' ' a11b1ml a12b1ml ' ' a1klb1m,

11211711 11221711 ‘ ' ‘ a2klb11 ' ' ' a21b1ml a22b1ml ‘ ‘ ‘ a2k,b1ml

akllbll akl2b1l ‘ ‘ ‘ aklklbll ' ‘ ‘ akl1b1ml akl2b11nl ‘ ‘ ‘ aklklblmg

a11bml1 a12bml1 a1klbml1 a11bmlml aizbmlml a1klbmlm,

akl1bml1 akl2bml1 aklklbmll ‘ " akl1bmlml aklzbmlml aklklbmlm,

or

Ab“ l ‘Am, I

Abmll Abmlml

when written as a block matrix.
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A.45. Applying Secs. A.4l and A.44, we see that the operators of the
algebra fil considered above are the operators in the tensor product of an
ml—dimensional space Xl and a kl-dimensional space Yl which are tensor
products of an arbitrary operator C 6 fi(Xl) and the unit operator Es fi(Yl).
Moreover, the operators of the set fill are the tensor products of an arbitrary
operator A 6 fi(Xl, Xl) and a fixed invertible operator A 6 fi(Yl, Yl), while
the operators of the set fill are the tensor products of an arbitrary operator
M 6 fi(Xl, Xl) and the inverse operator A“.

A.46. The following formula obviously holds for products of tensor
products of operators:

(A x B)(C X D) = (AC) x (BD).

Hence, multiplying the operators All 6 fill and All 6 fill, we find that

(A X A)(M X A-1) = (AM) X (AA—1) = (AM) X E 6 al,
as must be the case for a category 1’.

A.47. Next we find the invariant subspaces of the algebra fi = {C x E}
of operators acting in the space Z = X x Y. These subspaces are tensor
products of the form X x Yo, where Yo is an arbitrary subspace of Y, since

(Cx E)(X x Yo) : CXx EYoeX >< Yo.

To see that Z has no other invariant subspaces, let

z = Z x, >< y,

be any vector in Z (it can be assumed that the vectors xi are linearly inde-
pendent), and suppose C carries the vectors xi into given vectors 1?,-EX.
Then

(Cx E)Zx1' ><y,-=Z>?i Xyr»
and hence any subspace invariant under all the operators C x E which contains
the vector EX, >< y, also contains every vector Xx,» >< y,-. This proves the
italicized assertion.

lf we apply every operator A x A of the category 1’ to an invariant
subspace Xl x Ylo C Xl x Yl, then, since the matrix A is arbitrary, the
resulting image in the space Zl = Xl x Yl is the subspace AXl x AYlo =
Xl x Ylo. Hence the operators of the category J!’ establish a one-to-one
correspondence between the invariant subspaces of the spaces Zl and Zl, at
the same time establishing a one-to-one correspondence between the ordinary
subspaces of the spaces Yl and Yl.

A.48. Everything said above is valid under the condition fillfill qé {0}
(or equivalently fillfill qé {0}). If fillfill = fillfill = {O}, the above
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scheme does not work, and the matrices of the category 1’ do not in general
consist of blocks which are multiples of a fixed matrix A. The situation is
then the same as in Sec. A.32, and we can apply the result proved there, i.e.,
our category 1’ is contained in some category of the type ifl (just which
one to be explained below).

A.49. We now turn to the case of a category made up of an arbitrary
number of spaces Z, (oz 6 .M)’[ and simple algebras fil. Two spaces Zl and
Zl will be called cognate if fillfill qé {O}, so that the matrioes of fill are of
the form (5). It is clear that the relation of being cognate is transitive. In
fact, if Zl is cognate to Zl and Zl is cognate to Zl, then Zl is cognate to Zl,,
since, by the arbitrariness of the matrices A, there are nonzero matrices in
the product fillfill. Hence we can partition the whole set of spaces Zl, into
nonintersecting classes of cognate spaces. If Zl and Zl belong to distinct
classes, then fillfill = fillfill = {O}.

We can now repeat the scheme of Sec. A.36 with certain modifications.
Suppose our set of spaces Z, is partitioned into various classes Gl, . . . ,
G,, . . . of cognate spaces, where the spaces belonging to the class G, are of
the form X,, x Y,, and Y, denotes essentially one space in which invertible
operators act. We first consider the spaces Y, by themselves, and construct
for them a category just as in Sec. A.36 (satisfying the condition
fi,-sfisl = {0}) by choosing arbitrary subspaces Y,“ and then forming their
intersections Y,u,, Yum, . . .. This category consists of the operators Al,
mapping Y, into Y, and at the same time carrying the subspaces Ym, . . . C Y,
into the subspaces Y,-ll“, . . . C Y,-. Then for the spaces Z, we construct
the following category, denoted by 1’ft If Z, and Zl, are cognate, the
operators A”, 6 fi,,, are those previously constructed, while Z, = X, X Y,
and Zl, = X, x Y, belong to distinct classes, the operators A,,, are arbitrary
operators mapping Z, into Z, and at the same time carrying every invariant
subspace X, x Y,q,,___ into an invariant subspace X, x Y,,q,,___.

We now verify that every category 1’ with simple algebras fi, is contained
in a category of the type J£’;v. Suppose Z, = X, x Y, and Z, = X, x Y,
belong to distinct classes of cognate spaces. Let Zl,, be the total image in
the space Z, of the space Z, under the action of all operators in fi,,,. Then
Zl,, is obviously an invariant subspace of Z,, and hence is of the form
X, x Yl,, where Yl,, is some subspace of Y,. Similarly, let Z,,,,___,,,, be the total
image in the space Z, of the space Z," under the action of all operators of the
form A,-,,A,,, ~ ~ ~ Am. Then Z,,,,___,,,, is also an invariant subspace, which is
easily seen to be contained in the intersection of Zl,, Zl,, . . . , Zl,", by an
argument like that given in Sec. A.37. It follows that our category J!’ is
contained in a category of the type ff, as asserted.

1' We temporarily denote each space by Zl, instead of Xl,, reserving Xl, for the first
factor in the tensor product Zl, = Xl,, >< Yl,, (cf. Sec. A.45).
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A.5. The Case of Complete Algebras of Diagonal Mam<;e5

Suppose the given algebras fil, are all complete algebras of diagonal
matrices. Then in each space X, there is a fixed basis in which the matrices
of the operators A, 6 fi,,, are all diagonal. Relative to these bases, the
operators All 6 fill, are also specified by certain (rectangular) matrices, so
that our problem can be stated as a problem in matrix theory.

A.51. First consider a category J!’ with two spaces Xl and Xl, and let
All be the matrix of any operator in fill. Then, by the definition ofa category,
the product

B12 = A1-412B2r (8)

where Al and Bl are suitable diagonal matrioes, is also the matrix of an
operator in fill. Suppose Al is the (diagonal) matrix whose only nonzero
element, equal to l, appears in the jth row and jth column, while Bl is the
matrix whose only nonzero element, again equal to l, appears in the kth
row and kth column. Then, by Lemma A.l4, all the elements of the matrix
Bll vanish with the (possible) exception of the single element appearing in
the jth row and kth column, and this element is just the element a,,, of the
matrix All. Thus the operation (8) replaces every element of the matrix All
by zero, except the element al,, which it leaves unchanged.

This leads to the following conclusion about the structure of the family
fill: The family fill consists ofall matrices with arbitrary elements at a fixed
set ofpositions and zeros everywhere else.

A.52. Let Sll denote the fixed set of positions in the matrices of the
family fill at which arbitrary elements are allowed. We now explain the
connection between the sets Sll and Sll. Let All 6 fill be a matrix whose
only nonzero element, equal to 1, appears in thejlth row and klth column,l'
so that (jl, kl) 6 Sll, and let Bll 6 fill be any matrix with arbitrary
nonzero elements at the positions of Sll. Then the products Cl = AllBll and
Dl = BllAll are diagonal matrices, by hypothesis. On the other hand, by
Lemma A.l4, the jlth row of Cl consists of the elements of the klth row of
Bll while all the other elements of Cl vanish. Sinoe Cl must be diagonal, we
see that all the elements of the klth row of Bll vanish with the (possible)
exception of the element in the jlth column. Similarly, the klth column of
Dl consists of the elements of the jlth column of the matrix Bll while all
other elements vanish, and since Dl must be diagonal, all the elements of
the jlth column of Bll vanish with the (possible) exception of the element in

1' For simplicity, if All is an operator in fill and Allis its matrix, we write All 6 fill
as well as AllE fill, and similarly for fill, etc.
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the klth row. Thus, (jl, kl) 6 Sll, all the elements of the jlth column
and klth row of an arbitrary matrix of fill vanish with the (possible) exception
of the element at the intersection of this row and column.

We are now able to determine the structure of the set Sll from a knowl-
edge of the set Sll. By suitably interchanging rows and columns of the
matrices of fill (which is equivalent to interchanging elements in the bases
of the spaces Xl and Xl), we can see to it that the rows and columns appearing
first in the matrices of fill contain no positions in the set Sll, while the rows
and columns with only one position each in Sll come next and the rows and
columns with at least two positions each in Sll come last. Thus a matrix
All 6 fill has the form

l Y 3 n

0 1 . 0 .
A12: . . . . . , (9)

1; 0 . 1 0 .

Q . . 1 1

where the positions corresponding to the set Sll are occupied by ones and all
other positions are occupied by zeros.

Next we construct the general matrix Bll 6 fill, with n rows and m
columns:

1 on L3 m

1....()....()...

0 1 . 0 ..
B21: . . . . . (10)

3 0 . 1 0

()......()..

n0 0 0~~~
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Since the matrix All has a one in row at + 1 and column y -1- 1, (hl, mall-ix
Bll can have a one in column oz + 1 and row y -1- 1 but, 1n any event the
remaining elements of this row and column must vanish The Same is’u,ue
of all the rows from Y + l to S and columns from at -1- 1 to p_ If the matrix
All has two ones in column S + l, then all the elements of the corresponding
row of the matrix Bll vanish, and the same is true of all columns from 8 -1- 1
to n (which contain at least two ones). However, if a column of the matrix
All contains only a single one, then there are two ones in some suitable row
with index >13, and this causes the column of the matrix Bll with the same
index to vanish. As a result, the whole lower right-hand corner of the matrix
Bll is occupied by zeros. In fact, let (j, k) be any position in this corner,
and consider the corresponding position (k,j) in the matrix All. Then the
kth row orjth column of All has at least two ones, since otherwise we would
have put this row or column in an “earlier” position. This means that the
kth column orjth row of Bll consists entirely of zeros, so that in any event
there must be a zero at the position (j, k). The lower left-hand corner of the
matrix Bll also consists entirely of zeros. In fact, if a one appeared anywhere
in the lower left-hand corner of Bll, say at the position (j, k), then, by the
symmetry of the construction, all the elements in the jth column of All
except possibly the element in the kth row (i.e., in the upper right-hand
corner of All) would have to vanish, which is impossible since this column
must have a one in the lower right-hand corner. A similar argument
shows that the upper right-hand corner of Bll also consists entirely of
zeros. As for the elements in the upper left-hand corner of Bll, they can
be arbitrary.

Thus it is clear that our category can be enlarged by including all elements
of the lower right-hand corner of the matrix (9) in the set Sll (provided Sll
does not already contain all these elements) and including all elements of the
upper left-hand corner of the matrix (10) in the set Sll. The category then
becomes maximal, since it is no longer possible to enlarge Sll without
making Sll smaller. In geometric language, the maximal category made up
of two spaces Xl and Xl is constructed as follows: The space Xl is the direct
sum of three subspaces X3, X}, Xf and the space Xl is the direct sum of three
subspaces Xg, Xé, Xg, where X} and X; have the same dimension. The eflect
of an operator All is such that X‘; is mapped into {O}, X} is mapped into X; by
a diagonal matrix and Xf is mapped into Xi in an arbitrary way, while the
eflect of an operator Bll is such that Xg is mapped into X‘; in an arbitrary way,
X; is mapped into X} by a diagonal matrix and X§ is mapped into {O}. An
arbitrary (nonmaximal) category difiers from the maximal category in that
the operators mapping Xf into Xi are not arbitrary, but rather correspond
to matrices with zeros in certain fixed positions, while the same is true of the
operators mapping Xg into X‘; (there is no connection whatsoever between
the positions occupied by these zeros).
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A.53. Next we consider a category 1’ involving arbitrarily many spaces
X, (ot 6 M). First of all, it is clear that every subcategory of the category 1’
made up of a pair of spaces Xl, Xl and corresponding families fill, fill is
constructed in the way just described, i.e., fill, is the family of all matrices
with arbitrary elements at some prescribed set of positions Sll, while fill is
the family of all matrioes with arbitrary elements at some other prescribed
set of positions Sll. In this regard, we introduce the following notation: If
S is any set of positions in an m >< n matrix, then fi,,,,,(S) is the set of all
m >< n matrices with arbitrary elements at the positions S and zeros every-
where else.

Now let Sl be a set of positions in an m >< n matrix and Sl a set of posi-
tions in an n >< p matrix. Suppose S is the product SlSl, defined as the set
of all positions in an m >< p matrix at which one can get nonzero elements in
the product fi,,,,,(Sl)fi,,,,(Sl). In other words, a position (i, k) belongs to
the set SlSl if and only if there exists an indexj such that (i,j) belongs to Sl
and (j, k) belongs to Sl. Let Sll, . . . , Sl,, be a collection of such sets of
positions for an m >< n matrix, and let Sll, . . . , Sll be an analogous
collection for an n >< p matrix. Then the general formula

‘Q Q
QC‘ H. ..C“ in.. .. inas /'\ _. i \-/U S11 U S21 =

i=1 1=1 = =

is an easy consequence of the definition of a product of S-sets.
In terms of products of S-sets, we can write the conditions for our

category in the form
S S C D S S C S (12)be ea 1 be av aw

where D is the set of all positions along the principal diagonal of the
appropriate square matrix.

A.54. We now construct a family of concrete categories of a certain type.
To specify a category J!’ means to specify all the families fill, or equivalently
in the present case, to specify all the sets Sll. Choosing Sll arbitrarily, we
then choose Sll in such a way that SllSll C D, SllSll C D (we have already
described how this is done in Sec. A.52). Suppose Sll has been constructed
for allj and k less than n, in such a way that the conditions (12) for a category
are satisfied. Then S1,, and Sn,» (j < n) are constructed as follows: S,l is
chosen arbitrarily, and Sl, is chosen to satisfy the conditions Sl,,S,,l C D,
S,,lSl,, C D. Suppose S1,, and SM are chosen for allj < k in such a way
that (12) holds. The required sets S", and S,,,, must satisfy the following
conditions implied by (12):

3) Snkskn C D» Sknsnk C D;

b) Sjkskn C Sim Skrtsrtj C Ski’ Sinsnk C Sm Snkski C Sm;
C) Skn 3 Skisina Sm 3 SmS1k~
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The conditions a) and b) represent “upper bounds” and condition c)
“lower bounds” for the sets S,,,, and S,,,,. We now show that these conditions
are compatible. Suppose, for example, that

11-1 11-1

Sim = U Skisim S1111 = U S11:iS:ik' (13)
i=1 j=1

Then, by formula (l l) and the induction hypothesis,

11-1 11-1 11-1 11-1

Snkskn = U S11:iS:ik U Skisin = U U S11:iS.'lkSkiS1'11
j—1 1'—1 j—1 ‘-1

11-1 11-1

C jsiisin C Usnisin C D111
j=1 i=1

11-1 11-1 11-1

Sikskn = S111 U Skisin = U Sikskisin C U S1151» C S111-
s=1 i=1 1-1

This proves the first of the relations a) and the first of the relations b), and
it is clear that the remaining relations can be proved by similar arguments.
Thus the induction is justified and our construction is correct.

It is possible, of course, to construct a category by using arbitrary S,,,,
and Sl, satisfying the conditions a)—c), and not just sets of the special type
(13) used to prove the compatibility of these conditions. In this way we
obtain a large family of concrete categories, in each of which only the sets
S,l are arbitrary, while the remaining sets Sll satisfy the extra conditions
a)—c).

A.55. We now see that every category J!’ such that fillfill, C fi(D)
belongs to thefamily just constructed. In fact, the sets S,,l and Sl,, are defined
in 1’ for every n, while the remaining sets S,,,, and Sll must satisfy the
conditions a)—c). But then 1’ is a category of the family described in Sec.
A.54.

It would be interesting to describe the form of the maximal categories
of this family.

A.6. Categories and Direct Sums

A.61. Given a category 1’ with basic spaces X1}, algebras fif’ and
families of operators fig, wherep = 1, . . . , k,- and q = 1, . . . , kq, we now
show how to construct a new category whose basic spaces are direct sums
of the spaces Xf’ and whose basic algebras are the corresponding direct sums
of the algebras fif.
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Thus let X,» be the direct sum of the spaces X}, . . . , X19", and let fi,- be
the direct sum of the corresponding algebras fi}, . . . , fifi (i.e., in the space
X? an operator A 6 fi, acts like any operator in the algebra fif). To specify
an operator Al,» 6 fi,,, we use the block matrix

A‘,-1» A2? - ~ A2"
Ail A5? ~ Ail"Aii= - . (14)

kl 1:2 . . . Irk-Aii A1i Ali L

where the block Ag? corresponds to an arbitrary operator of 1’ mapping the
space Xf into the space X‘; (p = 1, . . . ,k,;j : 1,. . . , kj). To show that
this gives a category, we note that if

11 12 _ _ _ 11¢
Bil B11 B111

21 22 _ _ _ 21¢
B B11 B11 B11‘

51: "i 1

H k 2 . . . M-

11 11 12 21 _ _ _ 111- 111
A5131: + A1131‘: + + A,'1’Bii

then

A118’-I Z . . . . .

where each sum of products again belongs to the appropriate family of
operators, by the definition of the category 1’. Thus our rule leads to a new
category 17 , which we call an extension of the category 1’.

A.62. It turns out that the converse is also true, i.e., if the basic spaces
X, figuring in a category are direct sums of certain spaces Xf’ (p : 1, . . . , k,-)
and if the corresponding algebras fi, are direct sums of algebras fif
(p = 1, . . . , k,») of operators acting in Xf’, then the whole category is an
extension 17 in the above sense of a category 1’, constructed from the
spaces Xf’ and algebras fif. In fact, let 1’ ’ be a category of the indicated
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type. Then in an appropriate basis chosen in the subspaces Xf’, every matrix
A, of an operator of the algebra fi,» has the quasi-diagonal form

Al I1
A, 1

A1?‘ ’
where Af is a square matrix of order rf’ (p : 1,. . . , k,»). Every matrix Al,»
of an operator of the algebra fi,, is a block matrix of the form (14), where
Ag? is a rectangular matrix with rj? rows and rf columns. With each block
AZ? we can associate in a natural way an operator Ag? mapping the space X5’
into the space X‘,?. Using all such operators, we construct a new category
1’‘Q’ with basic spaces Xf’, algebras fif’ and families fig? of operators Ag?
specified by the matrices Agf’. We now show that this collection of objects
does in fact define a category.

Let Aflf’ be an operator mapping Xf into X§, and let AZ? be an operator
mapping X‘; into X’,'. Then the product A’,'§’ = A’,'§A‘§f belongs to the family
fi{,?’. In fact, the category 1”’ contains the matrix with its qpth block equal
to Alf and all other blocks equal to zero, as well as the matrix with its rqth
block equal to and all other blocks equal to zero. The product of these
two matrices, which belongs to the category 1”’, is a matrix with its lith
block equal to A1,?’ and all other blocks equal to zero. Therefore A’,'f 6 fiff’,
as asserted.

Thus all the conditions for a category are satisfied. It is true that the
operators mapping the space Xf into the spaces Xf with the same subscript
have not yet been defined. However, all such operators can be set equal to
zero without destroying the requirements for a category.

A.63. Since every semisimple algebra of operators acting in a space X,-
allows us to decompose the space X, into a direct sum of spaces Xi in which
the algebra now acts as a simple algebra, we see that the structure of a
general category with semisimple algebras reduces to that of a category with
simple algebras (this problem was considered in Sec. A.4). The matrix of
every operator All 6 fil, of the category is ofthe form (14) in an appropriate
basis, where each block Ajf is the matrix of an operator in the family fig?
of some category ,7£’,Z” with basic spaces Xf, Xf’ and simple algebras fig, fif.
Some blocks of the matrix A,, may be identically zero for all the Ali. If we
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denote the set of all vanishing blocks by S”, the question arises of how the
sets S,»,- are related for various indices i and j. A similar problem was con-
sidered in Sec. A.5 for the case of one-dimensional blocks. The method used
there is also applicable to the present case, and leads to the following result:
If the category determined by the intersection of the jth block row and ith block
column of the matrix All 6 fill is of the type J!’l or J£’l (involving invertible
matrices),l' then all the blocks in the ith block row andjth block column of the
matrix All determine zero categories, with the (possible) exception of the
block at the intersection of this row and column. If the category in question is of
the type 1’l, then matrices of a category of the type 1% appear in the indicated
blocks and have zero products with the given matrix.

We can now determine the structure of the general category, as in Sec. A.5.

Remark. A. Y. Khelemski (loc. cit.) has found the categories corre-
sponding to nilpotent algebras fil.

1‘ See Sec. A.3l and the footnote on p. 353.



HINTS AND ANSWERS

Chapter I

1. Ans. a) +;b) +.

2- A"S- "11"s2"2:1"44, "41"12"2s"s4, "s1"42"2:1"44~

3. Ans. (-l)"l"_1)/2.

4. Hint. Consider the determinant all of whose elements equal 1.

5. Ans. A = (mq - np)(ad - bc).

6. Hint. Multiply the first column by 104, the second by 103, the third by 102,
the fourth by 101, and add them to the last column. Then use Corollary 1.45.

7. Ans. Al = -29,400,000, Al = 394.
8. Hint. P(x) is obviously a polynomial of degree 4. We first find its leading
coefiicient, and then determine its roots by making rows of the determinant
coincide.
Ans. P(X) = -—3(X2 - l)(X2 - 4).
9. Hint. Add all the columns to the first.
Ans. A = [x + (n - l)a](x - a)"_1.

10. Hint. The determinant on the left is a polynomial of degree n in x,, with
roots xl, . . . , x,,_l, and hence can be represented in the form

11-1

(A + Bxn) 1-I (X11 '_ xk)"
k=1

36|
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Another representation of the same determinant in the form of a polynomial of
degree n in x,, can be obtained by expanding it with respect to its last column.
Equating the coefiicients of xi,‘ and those of x;"2, find A and B.

11. Ans. cl =O,cl = 2, cl = —2,cl =0,c5 = 3.

12. Ans. = O, where il < il < - -- < ik and il < ié <
I- - - < il are fixed, and at least one of the ill differs from the corresponding ill

(Cauchy).

13. Hint. It is sufficient for the corresponding fourth-order determinant to be
nonzero.

14. Hint. Use the results of Secs. 1.96-1.97.

Chapter 2

1. Ans. No, since we cannot multiply by -1 and stay within the set.

2. Ans. No, since we cannot add two vectors which are symmetric with respect
to the given line and still stay within the set.

3. Ans. Yes. In particular, the number 1 e P serves as the “zero vector” of the
space P.

4. Hint. See Sec. 1.96.

5. Hint. Assuming linear dependence of the form

alt" + alt” + ' ' ' + <xkt'b E O,

divide by t'1 and differentiate. Then use induction in k.

6. Hint. Show that the zero vector also has a unique expansion with respect to
the system el, el, . . . , e,,. From this deduce the linear independence of the
vectors of the system.

7. Ans. Yes, consisting of a single vector, i.e., any element x€P different
from 1.

8. Ans. 1.

9. Ans. The intersection is the line of intersection (in the usual sense) of the two
planes, while the sum is the whole space.

10. Hint. See Sec. 2.34.

11. Ans. No. It can be replaced by any other vector of the hyperplane.

12. Ans. With the “point” interpretation, the property means that every
hyperplane contains the line passing through any two of its points.

13. Ans. In general p + q + 1, if this number does not exceed the dimension
of the whole space.
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14. Ans. p + q + r + 2 if this number does not exceed the dimension of the
whole space.

15. Ans. With each positive number associate its logarithm.

Chapter 3

1. Hint. In a matrix of rank 1 the columns are proportional.

2. Hint. We have to write the conditions for a vector y to belong to the subspace
L in such a way that they involve only minors of A of order k. But y e L if and
only if the matrix B obtained by adding to A the column consisting of the
components of the vector y has rank k, or equivalently, if and only if every
minor of B of order k + 1 vanishes. Expanding every minor of B of order
k + 1 with respect to elements of the last column, we obtain a system of equa-
tions in the components ofy, with coefficients which are minors of A of order k.

3. Hint. See Secs. 1.51-1.52.

4. Ans. x = (cl, cl, cl, cl),where cl = -16 + cl + cl + 5c,,cl = 23 — 203 —
204 — 605.

5. Ans. If (1 - 1)(1 + 2) ab 0, then
1 + 1 1 (1 + 1)2

x=_i zi’ Z=ii1+2’ Y 1+2 1+2‘
If A = 1, the system has solutions depending on two parameters. If A = -2,
the system is incompatible.

6. Ans. The matrices
al bl al bl cl

al bl and al bl cl

"3 ba "3 ba Cs

must have the same rank.

7. Ans. The matrices
al bl al -bl cl l

"2 b2 "2 b2 4'2
. . and . . .

a,, b,, a,, b,, c,,

must have the same rank.

s. Ans. ~X<1> = (1, -2, 1,0,0), Xi” = (1, -2,0,1,0), xi” = (5, ~6,0,0,1).
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9. Ans.
-16 1 1 5

23 -2 -2 -6

x = 0 + al 1 + al 0 + 0:3 0 ,

0 0 1 0

0 0 0 1

for example. Here the first column consists of the components of a vector xo
which is a particular solution of the nonhomogeneous system, while the other
columns consist of the components of the vectors ym, j/‘2), yli“ forming a normal
fundamental system of solutions of the corresponding homogeneous system.

10. Ans. The rank of Al is 3, and there is a basis minor in the upper left-hand
corner (for example). The rank of Al is 5, and the basis minor is the same as the
determinant of the matrix.
11. Hint. Move the minor M into the upper left-hand corner and then, by using
the procedure of Sec. 3.62, show that all the columns of A starting with the
(r + l)st can be made into zero columns.

12. Hint. IfP 75 O, look for A in the form

P O x

O 1 y

13. Hint. The rank of the matrix llalkll is either equal to n or less than n.

14. Hint. Use the Kronecker-Capelli theorem.

15. Hint. Use the result of Prob. 14.

Chapter 4

1. Ans. Also n.

2. Ans. c) and g).

3. Ans. Yes.

4. Ans.
—l —l 2 2 O -2

bl)/41¢): 1 -3 3 ; b)/41¢): 1 -1 1 -
—l -5 5 2 1 O

5. Ans. ABAB 75 A2132.

6. Ans. AB — BA = E.

7. Hint. (A + B)? = A2 + AB + BA + B2,
(A + B)3 = A3 + AZB + ABA + AB2 + BA’ + BAB + BZA + B3.
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8. Hint. Use induction.

9. Ans. The dimension of the space is nm. For basis operators we can take those
corresponding to the matrices A,~,- (i = 1, . . . , n;j = 1, . . . , m), where A,-,~ is
any matrix whose elements are all zero except for the element in the ith row and
jth column.

10. Ans.
'0 0 0

AB=OOO.

O00

ll. Ans.

1 n cos no —sin no
A" = , B" = .

O 1 sin no cos no

a b
12. Ans. A = , where bc = -112.

c -a

13. Ans.

—9 -2 -10 0 0 0

a) 6 14 8 ; b) 0 0 0 .

-7 5 -5 0 0 0

15. Hint. Use Prob. 14.

16. Hint. The three equations for the unknown elements of the matrices A and
B lead to equations for three minors of an unknown 2 >< 3 matrix. Now see
Chap. 3, Prob. 12.

17. Hint. See Sec. 4.54.

18. Hint. Express the elements of the minor M in terms of the elements
appearing in the first r rows, and then use Theorem 4.75.
19. Hint. Use the solution to Prob. 18.

20. Hint. See Sec. 4.54.

1 —2 7
5 —2 1

3)/111 = 1 2 ; b) B11 = O 1 -2 ; c) C“ = C.

21. Ans.

ll 0 0 1

23. Ans. If A is the zero matrix, then X is arbitrary. If det A 75 O, then X is the
zero matrix. If detA = 0 and A is not the zero matrix, then its rows are
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proportional. Let on/[5 be the ratio of the corresponding elements of the first
and second rows of the matrix A. Then

-bl] aq
for anyp and q.

24. Hint. See Secs. 1.51-1.52,

25. Ans. N0.

26. Hint. Consider the operator Al such that

Al[a0 + alt + - -- + a,,t"] = M0 + al + alt + ---+ a,,t"“1.
27. Hint. The operator A carries linearly independent vectors into vectors that
are again linearly independent.
28. Hint. Apply the equality AB = BA to an eigenvector of the operator A.

31. Hint. Use the result of Prob. 30.

32. Hint. Suitably choosing an operator B and using Prob. 28, reduce the
solution to Prob. 31.

34. Hint. Use the factorization of the operator A2 - 112E.

35. Ans. a)Al=2,fl=(1,O,O);7l=1,jl=(1,O,1);A3=-1,f3=(0,1,-1);
b) 1. = -1.1. = <1.0.<>>; 1. = 1. -1.1". - (1.0.1>.f. =<<>.1. -1);
c) Al = 2,fl = (l,0,0);d)Al = l,fl = (l,0,0, —l);Al =O,fl= (O,1,0,0).

36. Hint. The relation T(A") C N(A’") is necessary and sufficient for the
equality A’°+’" = 0 to hold.

37. Hint. Letfl, . . . ,f, be a basis for the range of the operator A, so that

Ax = 2 a,-(x)f,

for every x 6 K,,. Now let C1
A,»x - a,-(x)f,- (i = 1, . . . , r).

Chapter 5

1. Hint. The first vector of the new basis is x.

2. Hint. Choose a new basis fl,j$, . . . ,f,, whose last n - k vectors form a
basis for the space K’. Write the condition x€K' in the form of a system of
equations involving the components of x in the new basis, Use the transfor-
mation formulas to construct the corresponding system of equations involving
the components of x in the original basis.
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3. Hint. Use Prob. 2 and the definition of a hyperplane.
4. Ans. The matrix of the desired transformation is C = BA"1.

5. Hint. Let el, el, . . . , e,, be an arbitrary basis in K,,, and let

Tl

L(x) I Ellcilcs
Ir 1

where Zl, El, . . . , 5,, are the components of the vector x. Begin the formulas
for the coordinate transformation with the equation

11

7'11 = 2111511-
=1>1-

6. Hint. Use Sec. 4.83 and the invariance of the characteristic polynomial
(Sec. 5.53).

7. Hint. Choose a basis whose first m vectors lie in the subspace R0"). Show
that for this basis the polynomial det ||A(,, - 7.Ell has the factor (A - 7.1,)“.
Now use the invariance of the characteristic polynomial (Sec. 5.53).

Chapter 6

1. Ans. In the basis e,,, e,,_l, . . . , el.

2. Hint. See Sec. 6.44.

—l 1 O O O

O —l O O O

O O

3. Ans.

0 0 2 1 0 .

0 0 0 2 0

0 0 2

4. Ans. No. El(A) = (7. - 2)(7. - 1)2, El(B) = (7. - 1)(7.2 - 57. - 2).

5- Arm En_1(/41) = E.._1(/42) = (1 — 1)". E..-2(/41) = En-2(A2) = 1;

En-1(A3) = ('7 C 1)", En-2(A3) 3 1;

E.._.<A.> = fl <1 - Io. E.._.<A.> = 1-
lf=1

6. Hint. E,,_l(A) = (ct - 1)", E,,_l(A) - 1.
7. Ans. A diagonal matrix with some of the roots of the polynomial P(A) along
its principal diagonal.
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8. Ans. Some of the roots of the polynomial P(A) lie along the principal diagonals
of the Jordan blocks, and the sizes of the blocks do not exceed the multiplicities
of the corresponding roots.

9. Hint. The vectors x, Ax and Ax’ are linearly dependent.

10. Ans. Polynomials in A,,,(u).

11. Ans. Matrices of the form

bl bl b, b,,, b,,
0 1». 1». 1»... 1».-.B...= <n>m>
O O O bl b,l_,,,+l

bl bl b,,
O b1 bn-1

B,l,,,= O O bl (n<m).

OI‘

O0---O

0 0 0

12. Ans. Matrices of the form

Bmlml Bmlml I I - Bmlmk

Bmkml Bmkml ' ' ' Bmkmk

with the blocks B,,,__,,,,_ given in the answer to Prob. 11.

B,,,,,,,1 0 - 0
0 B,,,,,,,, 0

13. Ans. Matrices of the form

0 0 B,,,,,,,,
14. Ans. To every group ofJordan blocks with the same root of the characteristic
polynomial, there corresponds a block of the kind given in the answer to Prob.
12. The remaining elements are all zero.

15. Ans. If the multiplicity of each root of the characteristic polynomial equals
the size of the corresponding Jordan block, or if the characteristic polynomial
coincides with the minimal annihilating polynomial, or if all the elementary
divisors except the one with highest index equal 1.
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Chapter 7

1. Ans. A tensor of order two, with two covariant indices.

2. Ans. For example,
vii — 11% — 115.

where
"11 = 2&1 + 252 + is, - "12 = la.‘i1 — 252, Tia = ia-

3. Hint. See Sec. 7.93.

4. Hint. See Secs. 4.54 and 7.15.

5. Ans. For example,
A(Xs )1) = ‘F171 + ‘I272 + °aTas

where o',- and 1, (i = 1, 2, 3) are the new components of the vectors x and y.
The transformation formulas to the new basis are

°1 = E1 + 52» °2 = ‘Z2 + 2&3, °a = as-

6. Hint. First renumber the variables in such a way that the matrix of the
bilinear form A(x, y) is transformed into a form to which Jacobi’s method is
applicable.

7. Hint. || -a,»,,|| must be the matrix of a positive definite form.
Ans.

"11 "12
all --: O, > O, . . . , (-1)" det l|a,~l.|l > 0.

"21 "22

8. Hint. See the remark to Sec. 7.96.

9. Hint. Consider the form on the basis vectors.

10. Hint. The last row of the determinant consists of the elements

al,") = (—l)"“1A(el, . . . , el._l, e,,_,.l, . . . , e,l) (k = 1, 2,. . . , n).

11. Hint. Use the equation A(el, el) = 1 to find the first pair of basis vectors.
Then construct the subspace L defined by the equations

A(@1.X) = 0. A(@2. X) = 0-
If the form A(x, y) does not vanish identically in this subspace, find vectors
el, cl e L such that A(el, el) = 1, and so on.

12. Hint. Consider the form
7!

A(x, X) + e 2 if (e > O),
1-1

and apply the criterion of Sec. 7.96.

13. Hint. Let
x(1)=(5_1t>,___,gllt)) (j=1,__,,r)
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be a basis of the subspace K’. Then K” consists ofthe vectorsy = (v1l, . . . , 11,)
satisfying the system

A(X"’»y) = 2 (ib.-.&.<")n. = 0 <1 = 1.. .. .1).
k=1 i=1

The matrix of the coefficients of the system is the product of the nonsingular
matrix lla,-kll of the form A(x,y) and the matrix ||El1'>l| of rank r. Now use
Corollary 4.67.

14. Ans. A’ = A.

15. Hint. Ify - ('t1l, . . . , r,,l) is a solution of the system (44), then

(b. y) = (AX. y) = (X. A’y) Z 0-
Conversely, the system (44) is the condition for the vectors y and a,» =
(a,-l, . . . , a,-,,) to be conjugate. If (b, y) = 0 for all such y, then x lies in the
linear manifold spanned by the vectors al, . . . , a,l.

16. Hint. See Chap. 4, Prob. 37.

17. Hint. See Chap. 3, Prob. 1.

18. Hint. First consider the case of nonnegative forms of rank 1, using Prob.
17 and then Prob. 16.

Chapter 8

1. Ans. No, since axiom b) fails, and so does axiom c) (for A = -1).

2. Ans. No, since axiom b) fails.

3. Ans. Yes. The new definition of the scalar product merely corresponds to a
change of units along the coordinate axes.
4. Hint. Let el, el, el denote the vectors directed along three edges of the
tetrahedron drawn from a common vertex, and express the other edges of the
tetrahedron as vectors.
Ans. 90°.
5. Ans. 90°, 60°, 30°.

6. Ans.

j < x2(t)dt + ,/jig)/2(t)dt,

l> ll/j“:x2(t)dt - /j:y2(t)dt
J1': (x(t) + nor at

1
7. Ans. cos <11 = W

3- Arm =1) g =(3.1. *1. 1'2). /1 = (2.1. —1.4); b) g = (1.7.3.3). /1 =
(-4, -2, 6,0).
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9. Hint. Use the definition of angle (Sec. 8.33) and the orthogonality of the
vector /1 to all vectors of the subspace R’.

10. Hint. Take the scalar product of equation (18), p. 223 with the vector go.

11. Hint. See Sec. 8.52.

12. Ans. yl = i,y2 =y3 = 0, y4 = ~2j,y5 = 0, ye = 5k,

13. Ans. (1, 2,1, 3), (10, ~1,1, —3), (19, ~87, A61, 72).

14. Hint. Assuming that the dimension of R” is greater than the dimension of
R’, consider the vector e” e R” which is orthogonal to the projection of R’ onto
R". Then use Prob. 10.

15 A _ (2n)!
. Ans. ,, — T——n(n!)2.

16. Ans. P,,(~1) = (~1)".

17. Hint. Express the coefficients as scalar products.

18. Hint. Use the results of Pr0bs. 15 and 16.

19. Hint. Expand Q(t) in Legendre polynomials.
1

A"S- Q0‘) = I PW)-
Tl

20. Ans. ‘IF (t)||2 = i— .
i n 2n + 1

21. Ans. k(A) = ]detA].

22. Hint. See Sec. 4.75.

23. Hint. This is a question of comparing the altitudes of two hyperparallel-
epipeds.

24. Hint. The inequalities

V , ,..., V , ,...,[X1 X2 Xm] < [X1 X2 xk] (k =1,2,__ _ ,m)
I/[X1, - - - 9xk—-1!xk+1! - - - 9x1!l] V[x1,x2, - - - axk-1]

are easily obtained from the inequality (37). Multiply them all together for
k = 1, 2, . . . , m, make appropriate cancellations, and then take the (m — l)th
root. The geometric meaning of the inequality is the following: The volume of an
m-dimensional hyperparallelepiped does not exceed the product of the (m — l)th
roots of the volumes of its (m — 1)-dimensional “faces.”

25. Hint. Write the inequality (38) for xsl, xsg, . . . , x,’, and then multiply
these inequalities together for all permissible values of s1, s2, . . . , s,.

26. Hint. We must construct a hyperparallelepiped in a 2"‘-dimensional space
such that the projections of its edges onto each axis have absolute values no
greater than M and such that its volume is exactly M"n"/2. For M = 1, the
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matrix Am of the components of the 2'"-dimensional vectors determining this
hyperparallelepiped are given by the following recurrence formula:

/1,,,_, /1,,,_, 1 1
A... = , A, = ./1,,,_, -A,,,_, 1 -1

Comment. For n vi 2"‘, the estimate can be improved.

27. Hint. Given any subspace G C R, let Gl denote the orthogonal complement
of G. For every x e N(A) and every z e R,

(A'A X) = (LAX) = 0,

and hence A’z€NJ-(A), i.e., T(A') C Ni(A), Ti(A’) 3 N(A). For every
x e Ti(A) and everyy e R,

(A'X,y) = (X. Ay) = 0,

and hence A'x = O, i.e., x€N(A'), so that T1-(A) C N(A'), T1-(A’) C N(A).
It follows that N(A) = T1-(A’), Ni (A) = T(A’). The other assertion is proved
similarly.

28. Hint. See Sec. 4.77.

29. Hint. See Sec. 4.54.

30. Hint. The angles of atriangleareuniquelydetermined by its sides. Alterna-
tively, the symmetric bilinear form (Qx, Qy) is uniquely determined by the
quadratic form (Qx, Qx).

31. Hint. A given isogonal operator A transforms the orthonormal basis
e,, e2, . . . , en into an orthogonal basis fl’ = <z,f1, f2’ = ilzfi, . . . ,f,; = <z,,f,.,
where fbfi, . . . , f,, are unit vectors. Let Q be the isometric operator carrying
the vectors f,,}§, . . . ,f,, into e1, e2, . . . , e,,. Then the matrix of the isogonal
operator QA is diagonal. Show that the condition <1,» vi 11,- allows one to con-
struct a pair of orthogonal vectors which are carried into nonorthogonal vectors
by the operator QA.

32. Hint. It is suificient to show that Q is an isogonal operator (see Prob. 31).
Assuming that there is a right angle which is not transformed into a right angle,
construct a parallelogram whose area changes as a result of applying the
operator Q.

33. Hint. Generalize the construction of Prob. 32.

34. Hint. Applying the orthogonalization process to the given systems, obtain
orthonormal systems e,, e2, . . . and f,,}Q, . . . . Using Sec. 8.53, show that the
formulas expressing the vectors x1, x2, . . . , xk in terms of el, e2, . . . are the same
as those expressing the vectors y,,y2, . . . ,y,, in terms of fhfl, . . . . Then
define Q as the operator which maps the system el, e2, . . . into the system
f1»fz,- - - -
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35. Hint. Consider the finite systems ei, ef, eé, efz’, . . . , e,',, eif and f1,f;',f,_;,
f;, . . . ,fk, obtained in determining the angles between the subspaces R’,
R” and the subspaces S’, S". By construction,

(e§.¢’;-I)=(f§,f:-')=¢°5 ‘Pt (I'=1,2,---J‘),

(ELF;-) = (f§,f}) = O, (ELF?) = (fZ,f§) = O (5 *1)-
Show further that (e;, eg) = (f;,f;) = O (using Prob. 9). Then use the result
of Prob. 34.

36. Hint. Use Prob. ll.

37. Hint. In the subspaces L, and L2, let e,, e2, . . . , em and fbfi, . . . ,f,,, be
the bases obtained in constructing the angles 0:1, <12, . . . , am. In the space R
construct a basis el, e2, . . . , e,,,, em“, . . . , e,, which begins with the vectors
obtained by orthogonalizing the vectors el, e2, . . . , e,,,,f1,fi, . . . ,fm. Expand
the vectors xl, x2, . . . , x,,,, yl, y2, . . . , y,,, with respect to this basis. Show that
the matrices of these expansions each have only one minor of order m, if we
disregard minors which are known to vanish. Then use the expression for the
volume of a hyperparallelepiped in terms of the minors of the corresponding
matriX.

38. Hint. See Chap. 3, Prob. 2 and Chap. 4, Prob. 17.

39. Hint. Verify the assertion in the special basis whose first k vectors belong
to the subspace L(x1, x2, . . . , xk). To go over to the general case, use Chap. 4,
Prob. 17, showing that det |ia§’)|| = 1.

40. Hint. First consider the case k = 2.

41. Hint. Choose a basis in the space R like that chosen in Prob. 37, and verify
that the formula is valid in this basis. Then go over to the general case in the
same way as in Prob. 39.

42. Hint. See Sec. 4.54.

43. Hint. Consider the orthogonal complement Z of the invariant (with respect
to A) subspace H of all vectors x such that P(A)x = O. The subspace Z is also
invariant with respect to the operator A, and hence with respect to [P(A)]"'1.
But if 2 EZ, then [P(A)]*"'1z€ H, so that [P(A)]"'1z = O. From this, deduce
that [P(t)]"*1 is an annihilating polynomial of the operator A.

Chapter 9

1. Hint. Use Sec. 9.45.

2. Hint. The operator B has a basis consisting of eigenvectors el, . . . , e,, with
positive eigenvalues ul, . . . , u,,. Hence Bze,» = ufei, and a necessary condition
for B2 = A is that the e,» be eigenvectors of the operator A and that the numbers
(if coincide with the 1,». But this is also sufficient for B2 = A.
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3. Hint. First transform the basis in such a way as to diagonalize the matrix
of the given operator.

Ans.
320

,/1:242.
025

4. Hint. The operator A’A is symmetric, and the expression (A’Ax, x) =
(Ax, Ax) is nonnegative for arbitrary x 6 R,,. IfA is nonsingular, this expression
is positive for arbitrary x e R".

5. Hint. Q’ = QC‘.

6. Hint. The operator A’A is symmetric and positive (Prob. 4), and hence we
can find a symmetric positive operator S such that S2 = AA’. Then construct
an operator Q such that Q = S'1A and show that Q is isometric.

7. Hint. Use Probs. 2 and 5.

8. Hint. Let R’ C R,, be the subspace spanned by the eigenvectors of the
operator A’A with nonzero eigenvalues, and let R” be the orthogonal complement
ofR’. On R’ let V equal the isometric component ofA (so that (/E Vx =Ax),
and on R” let Vx = 0.

9. Hint. Use Chap. 4, Probs. 28—29.

10. Hint. Apply the orthogonalization process to the vectors of the Jordan
basis of A (Sec. 6.37).

Chapter I0

2 2 1
1. Ans. a) 41)f+1)§—2v;§; 1)1=-§E1—§E.2+§E3,

2 1 2
l'lz=§E~1+'§E>2_§E~2,

1 2 2
7)3=‘j'E,1+‘j'E,g+'j'E,3§

1 2 2
b)l0v;f+1)§+1)§; W1=-53-1+3-E2—-55-3,

-2 a--La7i2_\/51 \/52»

,=i L vi.
33x/’§€1‘i‘3\/g€g‘i"_:T€3»
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2 2 2 2 1' 1' 1 1C) m~'/t.+3n,+5n,; 111 =5¢1+§¢2+5é3+5&,,
1 1, 1 1

"i2=§E~1+§42“§E~aC5E.4,

1, 1 1 1,
l'la=i41“EE~2+5E~a“i44,

1 1 1 1
1043591 “'§5~2“5E~a+§E~4§

E, ,/E
d)11f+11§+11§~311§; 111:-\%s1+—?€2.

(/5 (/5
"tC7i3+7‘-2»

1 1 1 1,
103:5 _iE~2+§E~a“i~4,.1“>-

1 1 1 1
l'l4:§E»1“§€~2“5E~a+iE~4-

2. Ans. A maximum for x = (;i;l, O, O) where A(x,x) = l. A minimum for
x = (O, O, ;i;l) where A(x,x) = §. A minimax for x = (O, ;l;l,0) where
A(x, x) = §, i.e., the function A(x, x) increases if we go along the unit sphere
in one direction from the point x and decreases if we go in the other direction.

3. Hint. Namely, on the subspace spanned by the corresponding canonical
basis vectors.

4. Hint. The coefficient 1,, equals the smallest of the maxima of the form
A(x, x) on a system of subspaces, and the coefficient uh equals the smallest of
the maxima of the form B(x, x) on the same system of subspaces.

5. Ans. y/x = 55%.

6- AM A(x,x) = Y1§+ 11$ +11§, B(x,x) = t1§+ 211% + 3Y1§, E1= 111 — W2 +223,
E2 = W2 — Yla, is = Wa-

7. Hint. The problem reduces to the uniqueness of the canonical basis of a
symmetric operator with distinct eigenvalues.

8. Hint. Generalize Sec. 7.44.
9. Ans. a) A hyperboloid of one sheet with its axis along the y-axis; b) A
hyperboloid of one sheet with its axis along the x-axis; c) A circular paraboloid
with its axis along the x-axis; d) A circular paraboloid with its axis along the
y-axis, displaced one unit along this axis; e) A hyperbolic paraboloid.
10. Ans. a) xi + 2);: + 32: = 6; 3(x — 1) = —x1 + 2)/1 + 221,

3y = 2x1 —y1 + 221,

3(z + 1) = 2x1 + 2y, — 21;
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b) xi + 2y§ — 32$ = 6; 3(x + 1) = —X1 + 2_y1 + 22,,
3(y +1)-= 2x1 —y1 + 221,

32 = 2x1 + 2y1 — 21;

c) yf = 2x1; 3(x — m) = 2x1 + 2y1 + 21,

3(y + 2m) = 2x1 —y1 — 221,

3(2 + 2m) = —x1 + 2y1 — 221

(m arbitrary).

11. Hint. The semiaxes of the ellipsoid are determined from the canonical
coefficients of the corresponding quadratic form. Use the results of Sec. 10.25.

Chapter 1|
1. Hint. Let K’ be the intersection of the null spaces of all operators belonging
to a left ideal J C B(K,,), and let r be the dimension ofK’. Choose a basis in Kn
whose first r basis vectors lie ir. K’. Then the first r columns ofthe matrix ofevery
operator A e J consists entirely of zeros. Let m be the dimension of J , and let
A1, . . . , A,,, be linearly independent operators in J. Consider the matrix with
n — r columns and mn rows obtained by writing all the matrices A1, . . . , A,,, on
top of each other and omitting the first r (zero) columns. The rank of this matrix
is n — r, and hence it has n — r basis rows. The linear combinations of these
rows give all possible rows consisting of n — r elements. Now use Sec. 4.44.

2. Hint. Introducing a nonsingular bilinear form (x,y), consider the set J* of
all operators A* conjugate to the operators A e J. This set is a left ideal. Now
use Prob. 1.

3. Ans. A maximal left ideal of the algebra B(K,,) is the set of all operators
carrying a fixed vector of the space Kn into zero. A minimal left ideal is the set
of all operators carrying a fixed (n — l)-dimensional subspace of Kn into zero.
A maximal right ideal is the set of all operators carrying the whole space K,,
into a fixed (n — l)-dimensional subspace. A minimal right ideal is the set of all
operators carrying the whole space Kn into a fixed straight line.

4. Hint. Let

(Xiy) = i éfii (X = i 5191'»)? = i Wei")
7-=1 = =1~. >- ~.

in the basis e1, . . . , en in which the matrix of the operator A e B takes the form
indicated in Sec. 11.85.

5. Hint. If a subspace C’ C C,, is invariant (with respect to the algebra B), then
so is its orthogonal complement. Expand C,, as an orthogonal direct sum of
irreducible invariant subspaces. Every operator A vi 0 (of the algebra B) acts
as a nonzero operator in at least one of these subspaces.
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6. Hint. Deduce from the representation of Sec. 11.85 that the commutator of
a semisimple but nonsimple matrix algebra B intersects B in matrices other than
multiples of the matrix corresponding to the identity operator.

7. Hint. Write the desired matrices as block matrices consisting of m2 blocks.
Then write the commutativity condition and use Schur’s lemma.

8. Ans. For the algebra B of all diagonal matrices

1.1 0 A 0 '
0 7,2 0

s

0 0 7,"

where 11,12, . . . , 2,, are arbitrary complex numbers. Every matrix algebra
B = B reduces to this form in some basis.

9. Ans. Let B be the algebra of all operators under which a given system of
subspaces, whose direct sum is the whole space C,,, remain characteristic
subspaces. Then B C B. Every algebra with B C B reduces to this form.

10. Ans. The space C,, is a direct sum of subspaces C“), . . . , C“), and the
algebra B consists of all operators invariant in each C“) (j = 1, . . . , k). The
commutator B consists of all operators which are multiples of the identity
operator in each CU) (j = 1, . . . , k).

11. Hint. If B is a direct sum Bl" + - -- + 13"“, then is = iii" + + 13"".
12. Ans. If the multiplicity of each root of the characteristic equation of the
operator equals the size of the corresponding Jordan block (see Chap. 6, Prob.
15).

13. Hint. If CB = B, then CA = C for some A e B. It follows that C = CA =
C(CA) =C2A=C3A=---.

15. Hint. Let A1, . . . ,A,,, be a basis of the algebra B. Then, if B is not nil-
potent, one of the right ideals A1B, . . . , A,,,B, say A1B, is not nilpotent (Prob.
14). Moreover A1B vi 0 (Prob. 13), and the problem reduces to the analogous
problem for an algebra of smaller dimension.

16. Hint. If M,» = M,-+1, then for every vector x€M,~ there is an operator
A1eB such that A1x¢M,» = M,-+1. Moreover, there is an operator A2613
such that A2A1x€ Mi, and so on. If M1, vi K,,, then for every x 6 M,,+1 — M1,
there is an operator Ape B such that A,,x€ M1, — M,,_1, then an operator
A,,_1€ Bsuch that A,,_1A,, 6 MDA1 — M,,_2, andsoon, sothatA1A2 - - - Apx vi O.

17. Hint. Use the subspaces M1, . . . , M1, of Prob. l6.
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Adjoint matrix, 258
Adjoint operator, 198, 238, 254, 258
Adjugate matrix, 116
Alfine space, 31, 215
A-isomorphism, 199, 254
Algebra(s), 13611, 3121’:

of analytic functions, 176
commutator of, 320

second, 320
commutative, 137
complete, 337, 338-340

of diagonal matrices, 353-357
composition series of, 323
of dimension n, 137
factor, 138
finite-dimensional, 31513
ideals in. 138
of jets, 161
morphism of, 138-139, 313
nilpotent, 333
normal series of, 323
one-dimensional, 340-345
of operators, 169
of polynomials, 137fi
radical, 317
radical of, 317
of rational functions, 175
representations of, 31313
semisimple, 316

structure of, 323-327
simple, 315, 345-352

structure of, 320-322
simple components of, 326
subalgebra of, 138

Algebra(s) (cont.):
trivial, 137, 312
unit in, 137, 312

left, 137
right, 137
two-sided, 137

Angle(s):
between k-vectors, 245
between subspaces, 244
between vectors, 217

Annihilating polynomial, 143
minimal, 143

Antiself-adjoint operator, 262
Antisymmetric operator, 238

real, structure of, 269
Antisymmetry property of determinants, 9
Associativity, 1, 2, 83, 86, 136

Basis, 38fl
components of a vector with respect to, 39
orthogonal, 222, 257
orthonormal, 222, 258

Basis columns, 25, 59
Basis minor, 25, 59
Basis minor theorem, 25, 59
Basis rows, 59
Bessel's inequality, 224
Bicontinuous mapping, 294
Bilinear form(s), 179fi

canonical basis of, 190
canonical coelficients of, 192
canonical form of, 191
general representation of, 180
Hermitian, 247
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Bilinear form(s) (cont.):
matrix of, 181

transformation of, 181-182
nonsingular, 182, 208
positive definite, 208
rank of, 182
symmetric, 181

in a Euclidean space, 273
Bilinear function (see Bilinear form)
Bilinear functional, 180
Bordered minors, 302
Bounded set, 217
Buniakovsky, V. Y., 218

Canonicai basis:
of a bilinear form, 190
construction of, by Jacobi’s method, 192-

196
of a Hermitian form, 252
of a quadratic form, 185

Canonical coelficients, 185, 192
Canonical equation:

of a central surface, 288
of a noncentral surface, 289

Canonical form, 13313
of a bilinear form, 191
of a Hermitian form, 252
Jordan, 146
of the matrix of an arbitrary operator, 146
of the matrix of a nilpotent operator, 136
of a quadratic form, 185

Canonical mapping, 54, 139
Cartan, 1-1., 335
Category, 33513

extension of, 358
of finite-dimensional spaces, 336
linear, 336
maximal, 343
objects of, 335

mappings of, 335
Cauchy, A. L., 218, 362
Center (of a surface), 289, 299
Central surface, 288, 290

canonical equation of, 288
proper, 288

in n dimensions, 293-294
semiaxes of, 291

Characteristic equation, 110
Characteristic polynomial:

of a matrix, 110
of an operator. 126

Characteristic space (see Eigenspace)
Characteristic value (see Eigenvalue)
Chebotarev, N. G., 332
Circular paraboloid, 297
Class (of comparable elements), 48
Cofactor:

of an element, 12
of a minor, 22

Cognate spaces, 352
Columns of numbers:

linear combination of, 10, 24
coelficients of, 24

linearly dependent, 27
product of, with a number, 24

Columns of numbers (cont.):
sum of, 24

Commutativity, 1, 137
Commutator, 320

second, 320
Comparable elements (of a subspace), 48
Complementary minor, 21
Complex numbers, field of, 3
Components, 34

simple, of an algebra, 326
of a vector, with respect to a basis, 39

Composition series, 323
Conical surface, 288, 294-296
Conjugate operator (see Adjoint operator)
Conjugate subspace, 190, 252
Conjugate surface, 299
Conjugate vector:

to a subspace, 190, 252
to another vector, 190, 252

Coordinate transformation(s) , 118fi
consecutive, 120
matrix of, 119
operator of, 119
orthogonal, 239
unitary, 259

Courant, R., 276
Cramer’s rule, 20, 35

Derivatives of a poiyuomiai, 163
Descending principal minors, 193
Determinant(s), 6ff

antisymmetry property of, 9
column operations on, 11
elements of, 6
evaluation of, 16-17
expansion of 2

with respect to a column, 12
with respect to a row, 12

Gram, 230
linear property of, 10
of a matrix, 6
order of, 6
product of, 103
of a product of matrices, 103
quasi-triangular, 23
terms of, 6
transpose of, 9
triangular, 14
Vandermonde, 15

Diagonal matrix, 100
Diagonal operator, 100
Diagonalizable operator, 100
Dimension:

of a hyperplane, 53
of a linear manifold, 51
of a linear space, 40

over a subspace, 45
of an algebra, 137
of the null space of an operator, 94
of the range of an operator, 93
of a sum of subspaces, 47

Direct sum, 45, 314
orthogonal, 223

Directed line segment, 31
Distortion coelficient, 242



Distributivity, 2, 83, 86, 136

Eigenray (see Invariant direction)
Eigenspace, 110
Eigenvalue, l08fi
Eigenvector, l08fi
Eilenberg, S., 335
Elementary divisor, 151
Elementary operations, 67
Ellipsoid, 292
Elliptic paraboloid, 297
Embedding, 54, 139
Epimorphism, 53

of an algebra, 139
Equivalence classes, 339
Equivalent elements, 339
Euclidean isomorphism, 221
Euclidean space(s), 215fi

embedding of, in a unitary space, 263tI
Euclidean—isomorphic, 221

Factor aigebra, 138
Factor space, 49
Faguet, M. K., 243
Field(s), lfi

axioms, 1
of complex numbers, 3
isomorphic, 2
of rational numbers, 2
of real numbers, 2

First structure theorem, 322
Fourier coelficients, 222
Fredholm’s alternative, 73
Fredho1m’s theorem, 212
Fundamental system of solutions, 65

normal, 66
Fundamental theorem of algebra, 3

General sointion, 63, 66
Gram determinant, 230

Hadamard inequality, 234
Hamilton—Cayley theorem, 155
Hardy, G. H., 2, 3
Hermitian (bilinear) form, 247

canonical basis of, 252
canonical form of, 252
( Hermitian—) symmetric, 248
nonsingular, 249
positive definite, 253
rank of, 249

Hermitian conjugate matrix, 258
Hermitian conjugate operator (see Adjoint

operator)
Hermitian matrix, 248
Hermitian quadratic form(s), 249, 308-310

symmetric, 249
canonical form of, 309
simultaneous reduction of -two, 310
stationary values of, 309

Hermitian-symmetric matrix (see Hermitian
matrix)

Hermitian-symmetric operator (see Self-ad-
joint operator)

Homeomorphic figures, 294
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Homogeneous linear system, 43
Homotopic figures, 294
Hyperbolic paraboloid, 298
Hyperboloid of one sheet, 292
Hyperboloid of two sheets, 292
Hyperparallelepiped, volume of, 232
Hyperplane, 52

dimension of, 53
Hypotenuse (in a Euclidean space), 220

Ideai:
left, 138
proper, 138
right, 13s
two-sided, 138

Identity matrix (see Unit matrix)
Identity operator, 78, 99
Identity transformation, 120
Imaginary numbers, 3
Inclusion relations, 31
Incompatible system of linear equations, 4,

234
Index of inertia, 206

negative, 206, 251
positive, 206, 251

Index of nilpotency, 333
Integers (in a field), 2
Interpolation with least mean square error,

237
Invariant, 131
Invariant direction, 108
Invariant matrix, 202
Invariant operator, 201
Invariant subspace, 106, 313
Inverse element, 32

uniqueness of, 33
Inverse matrix, 105
Inverse operator, 105
Inversion, 5
Invertible element (of an algebra), 137
Isogonal operator, 244
Isometric operator, 239

real, structure of, 270
Isomorphism:

of algebras, 139
of fields, 2
of linear spaces, 53

Jacobi’s method, 192-196, 252
Jacobson, N., 332
Jet(s):

addition of, 161
algebra of, 161
invertibility of, 167
multiplication of, 161
product of:

with another jet, 161
with a number, 161

sum of, 161
symmetric, 168

Jordan basis, 146
Jordan block, 147
Jordan canonical form, 146

real, 159
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Jordan normal form (see Jordan canonical Matrices (cont.):
form)

Kernei, 56, 313
Khelemski, A. Y., 332, 334, 360
k-linear form, 203
Krasnosyelski, M. A., 237, 242, 244
Krein, M. G., 242, 280
Kronecker—Capelli theorem, 62
Kurosh, A. G., 335
k-vectors, 245

angles between. 245
equal, 245
scalar product of, 246

Lagrange’s method, 276, 280, 285, 309
Laplace’s theorem, 23
Law of inertia, 205, 207, 251
Left ideal, 13s
Left inverse, 97, 9s, 104, 137
Left unit, 137
Legendre, A. M., 228
Legendre polynomials, 228-230
Length of a vector, 217, 255
Linear combination:

of columns, 10, 24
of vectors, 36

Linear dependence:
of columns, 27
of vectors, 36

Linear family (of operators), 336
Linear form, 75

coelficients of, 76
transformation of, 123-124

of the first kind, 77
of the second kind, 77

Linear functional, 76
Linear independence of vectors, 36

over a subspace, 44
Linear manifold (spanned by spaces), 328
Linear manifold (spanned by vectors), 50
Linear operator ( see Operator)
Linear space(s), 31fi

A-isomorphic, 199, 254
basis for, 38
cognate, 352
complex, 34
concrete, 34
dimension of, 40

over a subspace, 45
direct sum of, 45
infinite-dimensional, 40
(K-)isomorphic, 53
n-dimensional, 40
real, 34
subspace of, 42
tensor product of, 349

Linear subspace (see Subspace)
Linear vector function (see Linear operator)

Matrices:
block, 89

multiplication of, 89
determinant of a product of, 103

minors of a product of, 91
multiplication of, 85

noncommutativity of, 85-86
quasi-diagonal, 90

multiplication of, 90
rank of a product of, 95
sum of, 84
transposed, 90

multiplication of, 90
Matrix, 5fi

adjoint of, 258
adjugate of, 116
augmented, 62
of a bilinear form, 181
block, 89
characteristic polynomial of, 110
coelficient, 18, 62
determinant of, 6
diagonal, 100
elements of, 5
Hermitian conjugate of, 258
Hermitian (—symmetric) , 248
identity, 81, 99
invariant, 202
inverse, 105
left inverse of, 98
minor of, 13, 21, 59
of a nilpotent operator, 136
nonsingular, 104, 119
of an operator, 79, 98
order of, 5
orthogonal, 239
principal diagonal of, 5
product of:

with a number, 84
with another matrix, 85

of a quadratic form, 185
quasi-diagonal, 90
rank of, 25, 59, 60, 67-71
right inverse of, 98
singular, 104
symmetric, 181
trace of, 115
transpose of, 60, 90
transposed, 60
unit, s1, 99
unitary, 259

Matrix algebra, 330
semisimple, 330
simple, 330

McShane, E. J., 276
Mean square deviation, 235
Method of least squares, 235-236
Metric geometry, 214
Minor, 13fi

basis, 25, 59
bordered, 302
complementary, 21
of order k, 21
of a product of matrices, 91
principal, 126

descending, 193
Monomorphism, 53

of an algebra, 139
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Morphism, 53 Operator(s) (cont.):
of an algebra, 138
kernel of, 56
null space of, 56
range of, 55

Multilinear form, 203
antisymmetric, 203
symmetric, 203

Natural numbers, 2
Negative element, 1
Nemirovski, A. S., 316
Nilpotent operator, 133

matrix of, 136
Noncentral surface, 289

canonical equation of, 289
nondegenerate, 296-299

Nonnegative operator, 271
Norm, 217, 255
Normal operator, 238, 259

geometric meaning of, 268-269
real, structure of, 265-269

Normal series, 323
Null space, 56, 94
Number field (see Field)

Operator(s), 53, 75, 77fl
acting in a space, 98
addition of, 82, 84
adjoint of, 198, 238, 254, 258
annihilating polynomial of, 143

minimal, 143
antiself-adjoint, 262
antisymmetric, 238
characteristic polynomial of, 126
characteristic space of, 110
conjugate of, 198
determinant of, 125
diagonal, 100
diagonalizable, 100
eigenspace of, 110
eigenvalue of, 108
eigenvector of, 108
elementary divisor of, 151
equality of, 82
equivalent, 133, 153
extension of, from a real to a complex

space, 264
Hermitian conjugate of, 254
Hermitian-symmetric, 262
identity, 78, 99
invariant, 201
inverse of, 105

matrix of, 105
invertible, 105
isogonal, 244
isometric, 239
Jordan canonical form of, 146
left inverse of, 97, 104
mapping a space K" into itself, 9811
matrix of, 79, 98

transformation of, 124
multiplication of, 82-83
negative of, 78
nilpotent, 133

nonexpanding, 272
nonnegative, 271
nonsingular, 105
normal, 238, 259

real, 265
null space of, 94
positive, 271
powers of, 101
product of:

with a number, 82
with another operator, 83

projection, 100
range of, 93
rank of, 93
right inverse of, 97, 104
rotation, 99
self-adjoint, 262
similarity, 99
spectrum of, 169
sum of, 82
symmetric, 238
tensor product of, 350
trace of, 126
unit, 78, 99
unitary, 259, 263
zero, 78, 98

Operator functions, 169-176
matrices of, 171-176

Order:
of a determinant, 6
of a matrix, 5

Orthogonal basis, 222, 257
Orthogonal complement, 220, 257
Orthogonal direct sum, 223
Orthogonal matrix, 239
Orthogonal transformation, 239
Orthogonal vectors, 219, 257
Orthogonality of a vector:

to a set, 220
to a subspace, 220

Orthogonalization theorem, 226
Orthonormal basis, 222, 258

Paraboioid, 296-299
circular, 297
elliptic, 297
hyperbolic, 298

Partially ordered set, 339
Particular solution, 63
Perpendicular (dropped onto a sub

223
foot of, 224

Planes (in a linear space), 53
Polynomial algebras, 137fi
Positive definite bilinear form, 208
Positive definite Hermitian form, 253
Positive definite quadratic form, 206
Positive operator, 271
Prepartially ordered set, 339
Principal minor, 126

descending, 193
Producti

of jets, 161
of matrices, 85

385
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Product (c0nt.):
of numbers, 1
of operators, 82-83
of vectors with numbers, 32

Projection (of a vector), 223
Projection operator, 100
Pythagorean theorem, 221, 257

Quadratic form(s), 179, 18311
canonical basis of, 185
canonical coelficients of, 185
canonical form of, 185
comparable, 310
in a Euclidean space, 27311
extremal properties of, 276-283
Hermitian, 249

in a unitary space, 308-310
matrix of, 185
nonsingular, 185
positive definite, 206
rank of, 185, 189
reduction of, to canonical form, 185-189
simultaneous reduction of two, 283-287

Quadric surface(s), 287-308
analysis of, from general equation, 300-

308
canonical equation of, 287
central, 288, 290
degenerate, 288, 299
noncentral, 289
nondegenerate, 288

Quotient:
of elements of an algebra, 137
of numbers, 2

Radical (of au algebra), 317
Radical algebra, 317
Radius vector, 35
Range, 55, 93
Rank:

of a bilinear form, 182
of a Hermitian form, 249
of a matrix, 25, 59, 60, 67-71
of an operator, 93
of a product of matrices, 95
of a quadratic form, 185, 189

Ratio of similitude, 99
Rational numbers:

in a field, 2
field of, 2

Real numbers, field of, 2
Reciprocal element, 2
Representation(s), 313fi

direct sum of, 314
equivalent, 313
exact, 313
faithful, 313
invariant subspace of, 313

minimal, 314
proper, 314

irreducible, 314
kernel of, 313
left regular, 314, 318-320
restriction of, 313
standard, 318

Representation(s) (cont.):
trivial, 313

Right ideal, 138
Right inverse, 97, 98, 104, 137
Right unit, 137
Rodrigues, J. M., 228
Rotation operator, 99

Scalar product, 214, 215fl
complex, 25411
of k-vectors, 246

Scalar quantity, 131
Schur’s lemma, 315
Schwarz inequality, 218, 256
Second-degree curve, 287
Second-degree surface (see Quadric surface)
Second structure theorem, 325
Self-adjoint operator, 262
Semiaxes, 291
Semisimple algebra, 316

representations of, 327-330
structure of, 323-327

Shostak, R. Y., 210
Silverman, R. A., 282
Similarity operator, 99
Simple algebra, 315

representations of, 327-330
structure of, 320-322

Slope (of segment joining matrix elements):
negative, 7
positive, 7

Solution space of a linear system, 43
Space:

C(a, b), 35
c,., 34
K,,, 34
R(a, b), 35
R,,, 34
V1, 34
V1, 34
V,,, 34

Spectrum, 160
multiplicity of, 160
symmetric, 168

Spread of subspaces, 242
S-sets, 353

product of, 356
Stationary value:

of a function, 276
of a quadratic form, 276

Straight lines (in a linear space), 53
Subalgebra, 138
Subspace(s), 4211

angles between, 244
comparable_elements of, 48
conjugate, 190, 252
direct sum of, 45

orthogonal, 223
intersection of, 42
invariant, 106, 313
nontrivial, 42
orthogonal complement of, 220, 257
spread of, 242
sum of, 42
trivial, 42



Sum:
of jets, 161
of matrices, 84
of numbers, 1
of operators, 82
of vectors, 31

Summation convention, 126
Sylvester’s conditions, 253
Symmetric operator, 238

real, structure of, 269
System of linear equations, 3fi

augmented matrix of, 62
coelficient matrix of, 18, 62
coelficients of, 3
compatible, 4

nontrivially, 61
compatibility of, 4, 61

condition for, 62
nontrivial, 61

constant terms of, 4
determinate, 4
homogeneous, 43
incompatible, 4, 234
indeterminate, 4
index of, 212
solution(s) of, 4

distinct, 4
fundamental system of, 65

normal, 66
general, 63, 66
product of, with a number, 43
sum of, 43
trivial, 43

solution space of, 43

Taylor’s formula (for a polynomial), 163
Tensor(s), 126-131

addition of, 130
contraction of, 130
contravariant, 129
covariant, 129
invariants of, 131
mixed, 130
multiplication of, 130
order of, 129

Tensor product:
of linear spaces, 349
of operators, 350

Trace, 115, 126, 131
Transpose:

of a determinant, 9
of a matrix, 60, 90
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Triangle inequalities, 221, 257
Trivial solution, 43
Two-sided ideal, 138
Unit (two-sided), 137
Unit ball, 217, 256
Unit matrix, 81, 99
Unit operator (see Identity operator)
Unit sphere, 217, 256
Unit vector, 217, 256
Unitary matrix, 259
Unitary operator, 259, 263
Unitary space, 254fl
Unitary transformation, 259
Vaudermoude determinant, 15
Vector(s), 31fi

angle between, 217
complex conjugate of, 263
components of, 39

transformation of, 121
conjugate:

to a subspace, 190, 252
to another vector, 190, 252

cyclic, 314
difierence of, 34
height of, 134
length of, 217, 255
linear combination of, 36

coelficients of, 36
linearly dependent, 36
linearly independent, 36
norm of, 217, 255
normalization of, 217, 256
orthogonal:

to a subspace, 220, 257
to another vector, 219, 257

perpendicular dropped from the end of,
223

product of, with a number, 32
projection of, onto a subspace, 223
purely imaginary, 263
real, 263
sum of, 31
unit, 217, 256

Wedderbum’s theorem, 332

Zero, 1
Zero column, 27
Zero operator, 78, 98
Zero vector, 32

uniqueness of, 32


